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Summary. The use of relay valves enables the construction of highly-efficient controllable 
rectifier units. In this article a controllable rectifier unit for 20 000 volts / 18 amperes 
is described for feeding the transmitting valve of-a high-frequency furnace with valve 


generator. 


Introduction 

Gas-filled rectifying valves are particularly suit- 
able for rectifying high powers. They differ from 
the high-vacuum valves, which have been given 
preference in the past, by their much lower internal 
resistance and correspondingly higher efficiency. 
At the same time the whole unit is of simple con- 
struction, since the cooling arrangements which 
become very cumbersome with high-vacuum valves 


for high tensions (dissipation) can be dispensed 
with. 

The relay valves represent an important advance 
in the design of gas rectifiers. These are gas-filled 
rectifying valves which, in addition to the cathode 
and anode, also have a control grid with the aid 
of which the ignition voltage of the valve can be 
regulated within wide limits with a very small 
power consumption (low grid voltages and small 


Fig. 1. General view of the 20-kilovolt, 18-ampere rectifier unit. On the right is one 


of the two high-tension transformers furnish 


ing the anode voltage. On the left are the 


rectifying valves, which are screened by metal walls against electric fields. The anodes 
are shown above. Below are the heating current transformers (left coils) and the grid 


yoltage transformers (right coils). 


= mary A 


162 


erid currents). By means of these relay valves the 
continuous voltage furnished by the unit can be 
controlled and regulated in a very simple manner, 
without the need for opening or closing any con- 
tacts whatsoever in the high-tension circuit. 

A description is given below of a rectifying unit 
equipped with relay valves (fig. 1), which feeds the 
transmitting valve of a high-frequency furnace 
with valve generator already described in this 
Review 1). On its full load of 20 amps this unit 
furnishes a D.C. potential of 20 000 volts, which 
can, however, be adjusted to any desirable lower 
value merely by turning a phase regulator. 


Lay-out of the Rectifying Unit 


The lay-out of the rectifying unit is shown 
diagrammatically in fig. 2. It is seen, that the plant 
is made up of two similar components, each 
of which half the voltage and can 
also be used separately. Each unit is connected 


furnishes 


to a transformer (T), T;) and contains six rectifying 
valves, which provide six-phase rectification on a 
circuit described by Graetz, the current in each 
phase passing through a pair of valves connected 
in series. 

The transformer primaries are connected in delta 
(380 volts) and the secondaries in a star circuit, 
7400 volts against the neutral. These circuits 
are both of exactly identical design, although the 
secondaries carry different voltages against earth. 
This offers the advantage, that only one trans- 
former of half the capacity of the whole unit is 
sufficient as a spare. 

The pulsating direct current charges the 2uF 
condenser C, which at the same time is discharged 
through the transmitting valve Z connected in 
parallel. The anode current of the transmitting 
valve must also pass through the 100-millihenry 
choke coil L,, which protects the rectifier against 
the high-frequency alternating voltage of approx- 
imately 7000 cycles generated at the transmitting 
valve. The large choke coil L, (1 henry) serves for 
smoothing the current which charges condenser C 
and hence also the D.C. potential applied to the 
transmitting valve. The resistance R = 50 ohms, 
which is in series with L,, limits the anode current 
in the event of any transient irregularities at the 
transmitting valve. 

The rectifying valves B, — B,, can each furnish 
a mean D.C. of 6 amps, so that the whole unit 
can carry a load of 18 amps. These valves are 
shown only diagrammatically in the circuit diagram 
by arrows. The detailed drawings of the valves 


1) Philips techn. Rey. 1, 53, 1936. 


PHILIPS TECHNICAL REVIEW 


Vol. 1, No. 6 


B, and B, show the indirect heating of the cathode 
by means of a separate filament transformer io 
each valve, as well as the supply of an alternating 
voltage to the control grid through the transfor- 
mers ¢3, t; and the phase-shifters Hels: 

These phase-shifters used, consist of a stator and a 
rotor, which are adjusted and secured by means of 
a worm transmission. The rotating field generated 
by the stator intersects the rotor windings earlier 


Fig. 2. Electrical lay-out of the rectifying unit. The unit 
consists of two 10-kilovolt, 18-ampere components, which are 
connected in series. The rectifying valves B; to B;y (type DCG 
5/30) serve as relay valves. The grid voltage is taken from 
the phase-shifters F, and F, through the transformers t, to 
ty9. (In the circuit diagram only t, and ,, are shown, since the 
remaining valves are indicated only diagrammatically). The 
choke coil L,; and the condenser C serve for smoothing the 
D.C. potential furnished. The choke coil L, protects the 


rectifying unit against high-frequency oscillations from the 
transmitting valve. 


or later, according to the position of the rotor with 
reference to the stator. By altering the position 
of the rotor, the phase displacement of the rotor 
voltage against the stator voltage can thus be 
altered. 

The voltage systems of the stator and rotor 
are both three-phase. The grids of the rectifying 
valves are connected to the rotor in such a way 
that the grid voltage of all the valves has the same 


phase displacement against the corresponding anode 
voltage. 
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The action of the phase of the grid voltage in 
regulating the voltage of the rectifier is discussed 
in detail in the section dealing with this matter. 


Construction of the Rectifying Valves 


The rectifying valves used are Philips relay valves 
type DCG 5/30 with hot cathode and with mercury 
vapour as a gas filling, whose main electrical 
characteristics have already been described in a 
separate article in this Review 2). The valve, which 
is shown in figs. 3 and 4, is made up of two glass 
bulbs 6; and b,, which are fused to the much 
narrower chrome-iron ring r. The top bulb 6, 
contains the anode a, and the lower bulb b, the 
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Fig. 3. Relay valve type DCG 5/30 with mercury vapour 
discharge. a is the graphite anode, k the indirectly-heated 
cathode, and r the control grid subdivided by partitions, 
with the funnel-shaped extension t. The upper half of the 
bulb b,, is covered on the inner side with a conductive coating 


which is connected to the control grid. The liquid mercury 
is in the neck h at the bottom. 


2) Relay valves as timing devices in seam-welding practice, 
D. M. Duinker, Philips techn. Rev. 1, 11, 1936. Since 
the publication of this article the construction of the DCG 
5/30 valves has been slightly altered. The inside wall of 
the bulb enclosing the cathode has been coated with a 
conductive layer, which is connected to the control grid. 
Owing to this change the characteristic (ignition voltage 
plotted as a function of the grid voltage) is no longer 
identical with that shown in fig. 1 of the article cited 

above. The grid voltage required for ignition in the 
modified valve is approximately 18 volts and is practically 
independent of the anode voltage. 


ee 
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Fig. 4. Photograph of the DCG 5/30 rectifying valve. The 
warm air rising from the lower bulb is taken up by the mica 
plate above the anode, in this way heating the upper bulb 
and preventing condensation of the mercury vapour. 


indirectly-heated hot cathode k. The lower bulb 
terminates in a cylindrical neck h containing liquid 
mercury, the temperature of which is only slightly 
above the ambient temperature. The vapour 
pressure of the mercury in the cold state is a few 
thousandths of a millimetre. The ring r serves as 
a control grid, its voltage differing from that of 
the cathode by not more than a few hundred 
volts. In addition the presence of this ring increases 
the back-firing voltage of the valve. For this purpose 
a funnel-shaped extension t is provided, which is 
shaped to conform with the conical anode a. The 
distance between the funnel and the anode is 
roughly the same at all points, the optimum distance 
to obtain a high back-firing voltage being fairly 
critical, for in the negative phase practically the 
whole reverse voltage is applied across the funnel 
and the anode. If this distance is too large, back- 
firing may occur since the electrons in the gas- 
space are given every opportunity to ionise, whilst 
with too small a distance the field strength and 
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hence the danger of auto-electronic emission from 
the anode are considerably enhanced. 

The temperature of the ring is determined 
mainly by the radiation of heat from the hot 
cathode and by the anode current. To avoid exces- 
sive heating, when the valve is running on full 
load, the width of the ring has had to be made 
larger, than appeared desirable, to make sure of 
suppressing back-firing between the anode and 
cathode. It was therefore found advantageous to 
subdivide the aperture of the ring as shown in 
fig. 3, so that in place of an open ring there are 
three parallel, narrow tubes. 


Electrical Characteristics 


The permissible mean working current of the 
relay valve DCG 5/30 is 6 amps. The voltage-drop 
at the discharge is about 16 volts and is practically 
independent of the current intensity. The ignition 
voltage is not appreciably greater with a sufficiently 
high potential at the contrel ring. If, on the other 
hand, the grid voltage is reduced below 18 volts, 
the ignition voltage will rise abruptly to more 
than 10000 volts, so that with the available 
transformer voltage ignition is no longer obtained. 
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When, however, ignition has once taken place the 
discharge cannot be extinguished by merely 
reducing the control voltage. The discharge 1s 
only extinguished, when the alternating voltage 


at the anode passes through zero. 


Voltage Regulation 


The phase displacement of the grid voltage V, 
of the relay valve with respect to the anode voltage 
V, determines the moment of ignition in each 
positive phase of V, and hence the average value 
of the output voltage of the cycle. This is due to 
the fact that, as already stated, ignition is only 
obtained when the grid voltage exceeds a certain 
critical value V, (of about 18 volts). 

Fig. 5 shows the action of the phase-shifter 
in the case of one single valve V, is the anode 
voltage, hs the alternating grid voltage, V, the 
critical grid voltage, and a the phase-lag of the 
grid voltage against the anode voltage. In case 
(1) V, and V, are in phase. The discharge is 
obtained when V, exceeds the critical value (wt = @). 
To fix satisfactorily the moment of ignition, also 
with small fluctuations of V,, the alternating grid 


voltage should be several times greater than the 


Fig. 5. Ignition sequence of a relay valve with the alternating anode voltage VY. and the 
. . . “se . e 
alternating grid voltage V,- V, is the critical grid voltage. a is the phase lag of the 

grid voltage with respect to the anode voltage. 


1) a, = 0 Current passes almost during the whole positive phase from at = 
onwards. 

2) @ = n/3 Current passes from wt = 2/3 + onwards. 

3) a3 = 27/3 Current passes from wt = 27/3 + p onwards. 

4) a, = % Grid voltage in opposing phase. No current passes. 

5) ds = 47/3 9 


6) ag = 5x/3 § Current passes throughout the positive phase. 
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critical voltage (e.g. 100 volts). The current passes 
during the greater part of the positive phase of 
the anode voltage, as indicated by the shading. 
As the phase retardation increases (a, = TIS; 
a; = 27/3) the portion of the period during which 
current passes is reduced. If V, and V,, are in counter 
phase (a, = 2) no current at all flows. If the phase 
retardation is further increased, then at a = a + 
the current suddenly commences to pass with its 
maximum value; it continues to flow during the 
whole positive half of the cycle of the anode voltage, 
although the grid voltage has in the meantime 
dropped below the critical value and even become 
zero. When ionisation has once taken place, the grid 
is inactive. In fig. 6 the average D.C. potential V, 
furnished by a single valve is plotted as a function 
of the phase retardation a. The points 1 to 6 cor- 
respond to the cases represented in fig. 5. 
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Fig. 6. Average D.C. potential V, plotted as a function of 
the angle of lag a between the alternating grid voltage and 
the alternating anode voltage. Points {1 to 6 correspond to 
the special cases of fig. 5. 


Safety Precautions in the Rectifying Unit 


The operation of the fairly extensive plant of 
high-tension transformers, rectifying valves, trans- 
mitting valve, high-frequency oscillating circuits 
and melting furnaces has been considerably simpli- 
fied by the adoption of suitable safety precautions 
and the provision of automatic auxiliary equipment. 
In addition these protect the transformers, the 
rectifying valves and the transmitting valve against 
overloads, which might result, when the switches 
are operated in the wrong order. 
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The protection of the high-tension transformers 
against overloads is afforded by the adjustable 
maximum-current relays (r,;—r,, fig. 2), which are 
inserted in two of the three primary conductors. 
If one of the maximum-current relays operates the 
main switch is tripped. 

The rectifying valves must be protected against 
anode voltage, being applied before the cathode 
having reached operating temperature. For this 
purpose a slow-acting relay is provided, which is 
connected in parallel with the heating transformers. 
The main switch can only be closed after this relay 
has been under tension for 6 minutes. In cold 
situations it is advisable to extend this time from 
10 to 15 minutes. Although after 6 minutes the 
cathode has been sufficiently heated, the vapour 
pressure of the mercury is still very low. With too 
low a vapour pressure the are voltage is too high, 
and as this might adversely affect the cathode. 
it is desirable to wait before switching on the 
anode voltage until the whole bulb, as well as the 
mercury in the neck at the bottom, has become 
sufficiently heated to raise the vapour pressure of 
the mercury to the required value. 

The transmitting valve is protected against over- 
heating by means of a so-called “water lock” 
which prevents the heating current or the anode 
current from being applied, if the flow of cooling 
water is not adequate. Moreover, the heating current 
can only be switched on, when the regulating 
device is adjusted to the minimum voltage. The 
anode is protected in a similar way. The anode 
voltage can only be switched on, when the phase- 
shifter for voltage control is at its minimum 
setting. Regulating the output voltage to its maxi- 
mum value by turning the phase-shifter takes only 
a few seconds. The anode is also protected against 
overloads, which might occur if the anode voltage 
is applied before the valve can oscillate. This is, 
for instance, the case when the electrical connec- 
tion with the furnace is broken, which takes place 
automatically when the furnace is tilted from its 
vertical position for casting operations. 
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THE PERCEPTION OF BRIGHTNESS CONTRASTS IN ROAD LIGHTING 


By P. J. BOUMA. 


Summary. The two essential factors in the perception of brightness contrasts are: 
1) Contrast sensibility, which determines the smallest still perceptible con- 
trasts and depends on the brightness; at equivalent apparent brightnesses it 1s prac- 


tically the same for all colours. 


2) Richness of contrast (the relative intensity of stronger contrasts). It is shown, 
that the marked differences existing between the various types of light are related 
to the Purkinje phenomenon, which accounts, inter alia, for the marked richness of 
contrast with sodium light at the brightness levels commonly obtained in road lighting. 
After introducing a measure R for the richness of contrast, the lines of equal R are 
plotted in a brightness-wavelength diagram (fig. 5). 


The perception of an object on the highway is 
always fundamentally the perception of con- 
trast: The object is seen, because it has a bright- 
ness, different from that of the road surface against 
which it stands out. In addition to this contrast 
in brightness, colour contrast may also play a 
part, the object and the background having dif- 
ferent colours. This factor is, however, of secondary 
importance for the following two reasons: 

1) Because most objects (just as the road surface 
itself) usually possess very unsaturated (not 
very pronounced) colours on illumination with 
non-monochromatic light; 

2) Because the low brightnesses, possessed by 
most dark objectsstanding out dark against 
the road surface, cause the colours to appear 
paler still (in addition to the photopic 
(or cone) vision which differentiates between 
colours, the non-chromatic scotopic (or rod) 
vision already plays a part). 

In the present article, we shall consider only 
brightness contrasts and must therefore discuss 
the conditions under which the eye can still perceive 
a brightness contrast and when it is liable to fail 
in fulfilling this function. This failure may be 
due to two different causes: 

1) Because the existing contrast is too small, i.e. 
the two brightness values differ by so little, 
that even with keen and prolonged focussing 
the eye is unable to perceive the object in 
question; in this case the contrast sen- 
sibility of the eye is obviously not great 
enough to observe the object. 

2) Because the contrast, although much greater 
than the minimum value required for percep- 
tion of the object by keen and prolonged 
focussing, is still so low that the object escapes 
observation altogether or is not perceived 


in time, because the perception requires a 
certain time, a fairly accurate focussing and 
a certain measure of concentration. In this 
case we say that the richness of contrast 
is insufficient for satisfactory and quick per- 
ception. 

In this first case, we are thus dealing with a 
minimum contrast, which the eye can still just 
perceive under favourable conditions, whilst in 
the second case we are concerned with the more 
or less pronounced occurrence of stronger contrasts. 

Both cases have an important bearing on road 
lighting and we shall therefore discuss them in 
turn. 

The sensibility at a_ specific 
brightness H is defined as follows: If a brightness 
H-+-AH can still be just differentiated from H, 
the ratio H/AH is termed the contrast sensibility 
(K). This contrast sensibility is determined by a 
large number of factors, of which the principal 
are the following: 

1) The brightness H. 

2) The colour of the light. 

3) Size and shape of the two fields under com- 
parison. 

4) Use of an artificial or natural pupil (viewing 
through a small diaphragm placed before the 
eye or with the naked eye). 

5) Individual differences. 

6) Method of measurement. 

7) Disturbing factors, such as incorrect adapta- 
tion, presence of dazzling sources of light in the 
field of view, after-images, etc. 

In the case of 3) above, we assume, that the 
fields are taken so large that practically the whole 
retina is adapted to the brightness H; where use 
is made of an artificial pupil 4) specific mention 
is made in every case. Regarding the method of 


contrast 
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measurement 6), the following should be noted: 
The usual measurement made is the determination 
of what additional brightness AH must be impressed 
on a part of the field of view, in order to make this 
portion appear just a little brighter than the 
surrounding areas, which have a brightness H 
(direct method). In some cases the mean error in 
photometric adjustment is taken as a measure of 
the contrast sensibility (indirect method). The 
results obtained with these two methods may 
differ considerably; we always employ the direct 
method ourselves. 

It is assumed, that the disturbing factors enumer- 
ated under 7) (which may be referred to by the 
general term of “glare”’) do not occur and therefore 
do not require consideration. 


Fig. 1 based 


on measurements made 


by 
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Fig. 1. Contrast sensibility H/AH plotted as a function of the 
brightness H in candles per sq. m, for monochromatic light 
of different wavelengths A (K6nig). 


K 6nig indicates the general variation of contrast 
sensibility with the brightness and its relation to 
the colour of the light. In this figure log(H/AH) 
is plotted as a function of log H for monochromatic 
light of different wavelengths. H is expressed in 
candles per sq.m; an artificial pupil of 1 sq. mm 
was used in these measurements. The following 
characteristics are deducible from the curve: 
1) There is an area, where H/AH varies only 
slightly with the brightness (only in this range 
does the Weber-Fechner law apply). 
2) Both at lower and at very high brightness 
values the contrast sensibility diminishes. 
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3) The curves are made up of two parts, which 
meet at an angle. This is probably due to the 
fact, that below this point the rods have the 
greater contrast sensibility and hence are 
mainly responsible for vision, whilst above this 
point the cones are mainly operative. 

4) At high brightness values the contrast sen- 
sibility K is independent of the colour, whilst 
at low brightnesses a much greater brightness 
of red rays than of blue rays is required, in 
order to obtain the same K. 

A greater brightness of red light than of blue 
light 1) is also necessary for obtaining an equivalent 
this (Purkinje 
phenomenon), and so it appears interesting to 
examine, what trend the curves would have if K 


apparent-brightness in range 


were plotted as a function not of the brightness H 
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Fig. 2. Richness of contrast H/AH plotted as a function of 
the apparent brightness h in candles per sq. m; this curve 
applies within close approximation to all types of light. 


but of the apparent brightness h. This is done in 
fig. 2. (In this figure the conversion has also been 
made from the artificial to the natural eye-pupil, 
so that fig. 2 relates to the perceptions obtained 
with the eye proper). All curves in fig. 1 are now 
reduced to a single curve, of which individual 
measurements in no case differ by more than 20 
per cent, i.e. the contrast sensibility at a specific 
apparent brightness is practically independent of 
the colour of the light. The causes of small devia- 
tions which might occur will be discussed in more 
detail below. 

A large number of recent measurements with 


1) Regarding the definition of brightness H and apparent 
brightness h and the quantitative connection between these 
two magnitudes cf. Philips techn. Rev. 1, 144, 1936. 
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very different types of light (monochromatic light, 

incandescent lamp light, mercury vapour light, etc.) 

on correct conversion !) are also in very satisfactory 

accord with fig. 2. 

From the above the following conclusions of a 
practical nature may be deduced: 

1) ‘Since in road lighting we are always dealing 
with a range of illumination in which K is 
still closely dependent on h, every increase 
in the level of apparent brightness will permit 
an increase of K and hence an improved 
perception of low-contrasting objects. 

2) As long asthe apparent brightness of the road 
surface does not drop below 0.3 candle per 
sq.m, practically the same h and hence almost 
the same K is obtained for lights of different 
colours with the same H, i.e. there are no 
marked differences in contrast sensibility at 
equivalent values of H for different coloured rays. 

In considering the second point, the richness 
of contrast, we have to compare much greater 
contrasts than the above, and we must consider 
the question: 

If the same road is illuminated in succession 
with two different types of light having equal 
intensities, can the contrasts in the one case 
be still more pronounced than in the other? 

It is found, that this is indeed the case and as an 
example, illumination with sodium light and with 
white incandescent lamp light may be considered. 
In the first case we see dark objects stand out 
blacker from the road surface than with the second 
type of illumination. How can this be explained 
from the characteristics of the eye? The most 
obvious explanation would be, that the coefficients 
of reflection of dark objects on the highway are 
much lower with sodium light than with white 
light; at equivalent intensities of illumination 
objects would thus have a much lower brightness 
in sodium light. Extensive measurements of the 
coefficients of reflection, with different types of 
light, have however shown that such differences 
do not in fact exist. We must therefore assume 
that the brightness of dark objects is about 
the same in both cases; yet we see them darker 
with sodium lighting, i.e. the apparent bright- 
ness is in this case smaller. This interpretation 
suggets immediately a relationship with the Pur- 
kinje phenomenon?). 

*) The contrasts may here also be influenced by another 
effect, though one of secondary importance only, viz, the 
fact, that blue light is dispersed in the eye to a slightly 
greater degree than other light-rays. This may result 
in small dark objects being veiled by dispersed light, when 


illuminated with white light; with sodium light this effect 
is much less pronounced. 
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For a more precise investigation we must know 
the relationship between the brightness H, the 
apparent brightness h and the wavelength 4 for 
monochromatic light (see fig. 3 based on measure- 
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Fig. 3. Relationship between brightness (H) and apparent 
brightness (h) for incandescent lamp light (W—W—W—), 
mercury light (Hg —-—-—) and monochromatic light, inter 
alia sodium light (Na—). 


ments by Kénig and showing the lines of equiv- 
alent apparent brightness A drawn in an H-/ 
diagram). 

From the measurements of Kénig, there can 
also be deduced the apparent brightness h corre- 
sponding to every brightness H for a composite 
type of light, e.g. incandescent lamp light, which 
may be assumed to have a black body temperature 
of 2700 deg.K. Each pair of values of h and H 
determines a point in the diagram shown in fig.3 
(that a brightness of 0.13 candle per sq. m of white 
light corresponds to an apparent brightness of 
0.10 candle per sq. m gives for instance the point 
P). By connecting all points determined in this 
way by a curve, a line(— — —) is obtained indicat- 
ing the behaviour of white light (W). The second 


*) The wavelength / determined by this point signifies in a 
physical sense that white light behaves, as regards the 


ratio h/H » in exactly the same manner as monochromatic 
light of this wavelength A. 
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line (S >) showing the corresponding conditions 
for mercury light (Hg) was obtained in the same way. 
In general a composite source of light is indicated 
in our diagram by a curved line and a monochromatic 
light by a vertical line. 

To explain from the diagram the better contrasts 
obtained with sodium light, consider the following 
simple experiment (fig. 4). Two semicircular spots 
of light are projected on a sheet of white paper, 


Fig. 4. Demonstration of the greater richness of contrast with 
sodium light: 

AB white light A’B’ sodium light 

AA’ white paper BB’ _ black cloth. 
If A’ is as bright as A then B’ appears much darker than B. 


the left half (AB) of white light and the right hal, 
(A’B’) of sodium light. The intensities of illumina- 
tion are so adjusted, that the two apparent bright- 
nesses are the same, e.g. 0.3 candle per sq. m- 
Now place on the lower half (BB’) a piece of black 
cloth, whose coefficient of reflection is for example 
20 times smaller than that of the paper. A remark- 
able result is then observed, viz, that whilst A 
and A’ appear equally bright, the quadrant B’ 
appears much darker than the quadrant B, in other 
words the “sodium contrast’ A’B’ is much more 
pronounced than the “white contrast” AB. 

This phenomenon can be directly explained from 
fig. 3, in which the four points are indicated showing 
the conditions in the quadrants 4BA’B’. The two 
points A and A’ both lie on the curve he 033 
candle per sq. m, and correspond to brightnesses 
H = 0.390 and 0.474 candle per sq. m respectively. 
The points B and B’ should have a brightness 
20 times smaller, viz, H = 0.0195 and 0.0237 
respectively (the vertical distance between A and B 
on a logarithmic scale is thus equal to that between 
A’ and B’ in the diagram). It is seen that an 
apparent brightness h — 0.0138 corresponds to the 
point B and a value h = 0.0036 to the point B’. 
It is actually found that the apparent brightness 
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of the quadrant B’ is much lower than that of B. 

In exactly the same way the better contrast 
obtained on sodium-lighted roads also be 
explained. The two road surfaces then correspond 
to the quadrants A and 4’, and the dark objects to 
quadrants B and B’; the object B’ stands out 


much more strongly from road 4’ than object B 


can 


from road A. 

Since this phenomenon is fundamentally due 
to the displacement of the visibility curve of the 
eye, it follows that it will only occur when at least 
one of the two brightnesses is situated in the range 
in which such displacement takes place. This 
effect thus disappears at both high and very low 
brightnesses. In road lighting we are in a very 
favourable range, for the brightness of the road 
is of the order of 0.3 candle per sq. m and is thus 
near the top of the displacement range, whilst that 
of the object is usually much lower in the transition 
region. Between these two brightnesses there is 
an appreciable Purkinje displacement, which in- 
tensifies the contrasts when using sodium light. 

A still closer insight into these conditions is 
obtained by introducing a measure for the 
richness of contrast, and for this purpose we have 
again drawn the function connecting H, h and 4 
in fig.5. How can we obtain a physiologically correct 
measure for the contrast between, say the points P 
and Q, which both represent a definite brightness 
with light of 5350 A? Neither the difference in 
energy nor the energy ratio (the length PQ in fig. 5) 
is a measure of the contrast which can claim physio- 
logical accuracy; the best measure for the contrast 
between P and Q is the number of steps of just 
perceptible difference in apparent brightness be- 
tween P and Q. Thus, on the line 2 = 5350 A we 
must locate the points, which are separated by one 
step (in the figure each tenth point is marked), 
these the 
curves of equivalent apparent brightness have 


and assume that through all points 
been drawn‘). Each curve is given a number n 
(numbering commencing from n = 0 for the ab- 
solute threshold value); these numbers have been 
inserted on the left-hand side of the curves. 

We thus establish the fact, that the contrast 
between two points of the diagram applying to the 
same type of light is n,—n,, when the curve with 
number n, passes through one point and the curve 
with number n, through the other point. 

The contrast between P and Q in fig. 5 is thus 20, 
that between h — 0.878 and h = 0.0239 is 80 for 
every type of light, and those between 4 and B 


4) These curves thus belong to the family of curves shown 
in fig. 3. 
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and between 4’ and B’ in fig. 3 are 55 and 67 


respectively. The definition is in agreement with 
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Fig. 5. H-/ diagram with lines of equivalent apparent bright- 
ness h ( ) and lines of equal richness of contrast R (- - -). 
For sodium light the maximum value of R (1.33) is at H = 0.3 
candle per sq. m, whilst for white light R is everywhere equal 
to unity. 


the requirement: Two contrasts PQ and P’Q’ are 

equal, when P and P’ and also Q and Q’ each have 

the same apparent brightness. 

The richness of contrast R of a specific type of 
light with a given apparent brightness h, is defined 
as the quotient of the contrast obtained by reducing 
the brightness by a factor 5, and the contrast with 
white light between the apparent brightness hy, 
and the apparent brightness obtained when again 
the brightness is reduced five times. (The factor 
5 is a common ratio of brightness on highways). 

Thus, for every point in the diagram we can deter- 
mine in this way the richness of contrast R and 
plot the curves for equivalent R, as has been done 
in fig. 5. The following is noted: 

1) For very low and high brightnesses, the 
richness of contrast is practically equal to 
unity, i.e. it is the same for all colours as for 
white. 

2) The maximum richness of contrast is obtained 
at the greatest wavelengths (red) at apparent 
brightnesses of 0.3 to 0.6 candle per sq. m. 

3) The richness of contrast is lowest at the short 
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wavelengths (blue) for an apparent brightness 
of approximately 0.3 candle per sq. m. 

4) For sodium light the richness of contrast 
assumes its greatest value at a brightness of 
about 0.3 candle per sq. m.,1.e. just at those 
brightness values, which occur most frequently 
on road surfaces. 

The richness of contrast for white light is accord- 
ing to definition always equal to unity; the richness 
of contrast for mercury light is nearly the same 
since the mercury curve (Hg) and the curve for 
white light (W) in fig. 3 differ very little from each 
other. Actually in practice the use of mercury 
light does not improve the contrast obtained. Too 
much importance must not be attached to the 
marked richness of contrast in the extreme red, be- 
cause the reduced sensitivity of the eye in this 
range of wavelengths makes the use of this kind 
of light of little use in practice. 

In conclusion, it may be noted, that it is reason- 
able to expect that at a specific apparent brightness 
a greater richness of contrast is accompanied by a 
somewhat greater contrast sensibility. This phe- 
nomenon has indeed -been observed on comparing 
sodium light and white light: In the region of the 
Purkinje displacement the contrast sensibility 
is slightly higher for sodium light, than for white 
light, at equivalent apparent brightnesses. At 
equivalent brightnesses no marked differences are 
observable. 
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SOME CHARACTERISTICS OF RECEIVING VALVES IN 
SHORT-WAVE RECEPTION 


By C. J. BAKKER. 


Summary. Phenomena are discussed which relate a) to the space-charge of electrons in 
the spaces between the electrodes of a receiving valve, and |) to the finite time of transit 
of the electrons between the different electrodes. On the input side of the valve a) causes 
detuning and 6) a damping in the input circuit. These effects must be considered particularly 
with short waves. 

A new method of amplification is described, which is based on the induced charge produced 
by the electrons on an “anode” with negative bias. With short waves this new method 
is under certain circumstances superior to the standard method of amplification using a 


“positive” anode. 


Introduction 


At the present time there is a pronounced 
tendency to include short waves in the range of 
wave lengths used for broadcasting. In the following 
the term short waves is used for all waves with 
a wave length under 15 m, and in this connection 
it may be recalled, that waves of approximately 
7 m and even shorter are now being employed 
for television purposes. 

In this article a number of the most important 
characteristics of these short waves are discussed, 
which must be taken into consideration when 
using the receiving valves in the short-wave range. 

The present discussion will be restricted in the 
main to three-electrode valves or triodes, but can 
easily be extended to tubes with more electrodes. The 
operation of a valve of this type is governed by 
the laws connecting the alternating currents in 
the input circuit i, and the output circuit 1, 
with the voltages e, and e, on the input and output 
sides. The input circuit is defined here as the 
circuit connected to the cathode and the control 
grid, whilst the output circuit is connected to the 


cathode and the anode. If the alternating voltage e, 
and e, are sufficiently small, then the relationship 
between the voltages and the currents is linear, i.e. 
equations of the following form apply: 


i, =Ae, + Be, 


a 
i, = Ce, + De, 

A, B, C and D in these equations are determined 
by the characteristics of the receiving valve and 
by the d.c. voltages applied to the anode and the 
grid. 

The coefficient A is the slope or characteristic 
of the valve, and is a measure of the degree to which 
the anode current i, is controlled by the grid 
potential e,. 

B indicates, which alternating current passes to 
the anode as a result of an alternating anode 
voltage e,. 1/B is termed the output impedance 
of the valve. 

The coefficient C determines the alternating 
current, which flows between the cathode and the 
grid when the latter is fed with alternating voltage. 
1/C is termed the input impedance. If the bias of 
the grid is negative, no direct current can pass from 


the cathode to the grid. The passage of alternating 
current is, however, not zero, since the input voltage 
e, generates a capacity current between the grid 
and the cathode. We shall see later, that in spite 
of a negative bias and particularly at high fre- 
quencies a resistance term also appears in the 
expression for the input impedance in addition to 
a capacity term. 

The coefficient D gives the i.e. the 
action of the anode potential on the grid current. 


“reaction ’, 


The current in a receiving valve is conveyed by 
electrons, which are emitted from the hot cathode. 
This signifies that electrons are always present 
in the space between the cathode, grid and anode, 
and that their density is the greater the larger the 
number emitted from the cathode per second and 
the slower the speed at which they move. The 
effects associated with these electrons existing 
in the vacuous space (space-charge) and having 
a finite velocity of translation are of paramount 
importance, when dealing with ultra-short waves 
and form the subject of this article. 

An important property of the space-charge is 
its influence on the mutual capacity of the electrodes 
between which the charge is generated. These 
capacity variations and their effects are discussed 
in detail in the section: Variations in Tuning, 
and in the first part of the theoretical section. 

Those phenomena are also dealt with, which are 
due to the fact, that the electrons in the valve 
require a short yet finite time-interval to pass 
from one electrode to another. This signifies, 
inter alia, that the phase of the anode current will 
be behind that of the control voltage, the angle of 
lag increasing with the frequency of the alternating 
control voltage. The results of these effects are 
discussed in the section: Damping Effects, and 
in the second part of the theoretical section. 

The influence of both the space-charge and the 
time of transit of the electrons will be discussed 
mainly in reference to the input side of the receiving 
Our will therefore relate 
exclusively to the coefficient C. It is useful to note 
that both these effects are more marked here than 
on the output side. Between the cathode and the 
control grid the electrons have very much lower 
velocities than between the other electrodes, owing 
to the low acceleration voltage (the bias of the 
control grid is negative). In consequence the space- 
charge is of greatest density in this area and for 
the same reason the time of transit from the 
cathode to the first control grid is large compared 
with the time of transit between the other electrodes. 

Finally, in the section: Induction Effect we 
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shall consider an induction effect produced by the 
space-charge, which has an important result in 
six-electrode mixing valves and also in octodes. 
On this induction effect is based an entirely new 
method of amplification applicable to ultra-short 
waves and which will be dealt with in the last 


section. 


Variations in Tuning 


As the simplest example consider the circuit of 
a triode given in fig. I. The following discussion 


eo + 
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Fig. 1. The input circuit consisting of a self-induction and a 
condenser is connected with the grid of the triode. The inter- 
electrode capacity C gk 18 raised by the space-charge between 
G and K. 
the space-charge covieces the tuning of the input circuit. The 
resistance R, 1, which bridges the capacity C gk is produced 


As Cy, is in parallel with the external capacity, 


as a result of pe finite time of transit of the sleeigene between 
K and G. R,;, causes a damping of the input circuit which is 
proportional to the square of the frequency. 


can, however, be applied pari passu to multi-grid 
amplifying valves. The electrode condensers C,, and 
C,, are in parallel with the condenser of the 
connected oscillating circuit and hence reduce the 
natural frequency of the latter. Since the capacity 
C,, 1s governed by the space-charge between the 
cathode and grid which fluctuates with the anode 
current its effect on the tuning is not constant, 
and on theoretical analysis it is found, that this 
space-charge raises the capacity C,,. The increase 
A Cy, of the capacity is greatest, when the current 
is determined by the so-called space-charge equi- 
librium, i.e. when the filament emits an excess of 
electrons, so that part of the electrons are forced 
back to the cathode owing to repulsion sustained 
from electrons in the intervening space. In this 
case A C,, is independent of the current intensity. 
In all eae working conditions of the valve A Cy. 

is smaller. 
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Variations in tuning are particularly marked in 
receivers equipped with automatic volume control. 
since the latter is so designed that as the aerial 
signals become more powerful the amplification 
of the control valves is reduced by increasing the 
negative bias of the control grid. The control valve 
has a control grid with a wire winding of variable 
slope. On raising the negative bias the current is 
first suppressed at those points of the cathode 
most closely covered by the winding, which results 
in a shortening of the emitting cathode and hence 
in a reduction of the supplementary space-charge 
capacity, thus producing an alteration in the tunin g. 
The capacity variations A Cy, in question are of the 
order of 1 wuF in valves of normal dimensions. 
They are naturally the greater the smaller the 
capacity C of the oscillating circuit. In general 
the capacities used are the smaller the higher the 
frequency to be picked up. The effect of capacity 
fluctuations is therefore particularly marked in 
short-wave reception. 

The capacity fluctuations in the receiving valve 
become the more apparent, the greater the sharpness 
of tuning of the oscillating circuit, which is detuned 
by the change in capacity. 

Consider the circuit shown in fig. 1. To obtain 
the maximum alternating voltage e, at the terminals 
P, and P, (i.e. between the grid and the cathode) 
for a given current intensity J of the generator 
the impedance R of the oscillating circuit must 
be as high as possible 1). The impedance and the 
sharpness of tuning of an oscillating circuit are, 
however, closely related to each other, viz, by the 


equation: 

ee ee 

2navAC 

where y is the natural frequency of the oscillating 
circuit and AC that alteration in capacity in the 
tuned oscillating circuit which reduces the potential 
difference between P, and P, to 70 per cent (more 
accurately 24/5) of its maximum value. With wave 
lengths exceeding 20m an impedance R = 20000 
ohms can be readily obtained. Taking this imped- 
ance value in a concrete example, and requiring 
a flatness in tuning 4 C >1 uyF (the deviation 
must be at least this value ir order that capacity 
fluctuations shall not cause detuning), one obtains 
an upper limit for the frequency: 


1 


ee 8-1 0° sec 
2azRAC 


Vv 


1) The impedance is defined experimentally by the quotient 
R =eg/I of the tuned circuit. 
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which corresponds to the wave length: 
2 = 38 metres. 


Thus, in the example considered here. the effect 
of capacity fluctuations is felt in reception of wave 
lengths below 40 m. 


Damping effects 


The finite time of transit of the electrons from 
the cathode to the control grid, as discussed in 
more detail in the theoretical section, causes a 
damping in one of the oscillating circuits connected 
to these two electrodes. It is found, that when the 
voltage of the generator G is kept constant, the 
effective power taken from it is greater with the 
valve in circuit than when the valve is cut out. 
(This valve can be cut out, for instance, by making 
the negative grid bias Ve so high that no anode 
current passes.) This damping is equivalent elec- 
trically to a resistance R,,, which bridges the 
capacity C,,. Contrary to the capacity fluctuations 
A Cy, which are independent of the frequency, 
R,, 18 inversely proportional to the square of the 
frequency. Table I gives a selection of experimental 


Table I. Input capacity and input damping of the AF 7 
receiving valve at different wave lengths. 


Input capacity Input damping 
Aer Cy a3 mal ha 0 (Rin ag ma) Rox 
m uk uF MQ MQ MQ 

200 6:5 8-0." ie Ss 3 | 8 

40 6-5 8-0 3 0-28 0-31 
20 6-5 8-0 1-5 0-074 | 0-078 
10 6:5 8-0 eel 0-6 0-0185 | 0-019 
4 6-5 80— |. 0-1 0-0029 0-003 


The effect of the space-charge on the input capacity is in- 
dependent of the wave length (AC, = 1.5 wu). On the 


other hand the input damping is inversely proportional to 
the square of the wave length owing to the time of transit 
of the electrons (1/R. = 1/R;, Rede he _ 9) 


data for the high-frequency pentode AF 7. Fig. 2 
shows logarithmically the measured values of R,, 
for various frequencies « (in radians); these points 
lie on a straight line with a gradient of —2 in accord 
with theoretical requirements. The damping, which 
increases with the frequency, causes a marked 
reduction in the attainable amplification with 
ultra-short waves. In the theoretical appendix it 
is shown, that the period of oscillation of the shortest 
waves which can be amplified must be 1.4 times 
greater, than the time of transit of the electrons 
between the cathode and the grid. For the valve 
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AF 7 calculation gives a shortest wave length of 
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Fig. 2. The resistance Roy» produced as a result of the finite 


time of transit of the electrons between the cathode and grid, 
is plotted along the ordinate, and the logarithm of the frequency 
in circular measure along the abscissa. The values measured 
with the high-frequency pentode AF7 lie on a straight line 
with a slope of —2. This is in agreement with theory, which 
states that R,, must be inversely proportional to w?. 


Both the capacities of the electrodes and the 
times of transit of the electrons are proportional 
to the dimensions of the valve with a specific 


arrangement of electrodes and given voltages. 


Fig. 3. The picture depicts the evolution of the high-frequency 
amplifying valves (pentodes) for short-wave reception. The 
second valve on the left (AF7) is used in modern radio receivers. 
The smallest pentode on the right, which is a little more than 
1 cm high can still be used at a wave length of 50 cm. 
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An immediate method for controlling ultra-short 
waves is therefore to reduce the external dimen- 
sions of the valves. Fig. 3 shows the evolution 
of high-frequency amplifying valves for short-wave 
reception. The two valves on the left are used in 
modern sets for normal wave ranges, whilst the 
smallest type on the right can still be used at a 
wave-length of 50 cm. The input capacity Co. 
has been reduced from about 6 pyF to 2.5 yuk. 
The cathode-grid distance has been reduced from 
0.4 mm to 0.1 mm and the times of transit of the 
electrons from the cathode to the control grid have 
been reduced from 2:10~° sec to 0.5-10~° sec. 


Induction Effects 


In multi-grid valves it may occur, that the voltage 
at one pair of electrodes (e.g. across grid and 
cathode) affects the space-charge between two other 
electrodes. A circuit in which this effect is produced 
is shown in fig. 4. The grids J and 3 have a small 
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Fig. 4. Part of the electrons which pass through grid 2 are 


turned back from grid 3 so that between grids 2 and 3 a large 
space-charge is produced, which varies with the frequency 
of the alternating voltage at grid 1 furnished by the generator 
G. The varying space-charge between grids 2 and 3 induces 
a variable charge on grid 3 so that an alternating current 
passes through the circuit connected to grid 3. Owing to the 
“inductive forces” of the electrons, alternating voltages with 
the generator frequency are produced in the circuit of grid 3. 
According to the phase of these voltages the slope is either 
increased or reduced. 


negative bias, and the anode a still higher potential. 
Owing to the retardation of the electrons by grid 2 
a rather high space-charge density will be present 
between grid 2 and 3. This charge will fluctuate 
in phase with the alternating tension of grid 1 
provided by generator G. The fluctuation in space- 
charge will induce a fluctuating charge on grid 3, 
so that an alternating current will pass in the outer 
circuit between the grid 3 and the cathode. If this cir- 
cuit contains impedance the potential of grid 3 will 
fluctuate in synchronism with the generator voltage. 
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The characteristics of the impedance between the 
grid to the cathode will thus determine the phase 
relationship between the two voltages. If the 
voltages are in phase, induction will intensify the 
effect of the grid potential on the anode current 
and increase the slope. If, however, the potential 
at grid 3 is in phase opposite to the anode current, 
induction will reduce the effect of the grid voltage 
on the anode current, i.e. the slope. Which of these 
two results will obtain, depends on the natural 
frequency of the L-C-circuit. If the free oscillation 
vy of the circuit has a higher natural frequency 
than the oscillation », produced by the generator G, 
the slope will be increased. If on the other hand 
vy < ¥, the slope will be reduced. The effect of the 
induction on the slope is clearly apparent with 
octodes, when used as mixing valves in heterodyne 
receivers. 


A New Amplifying Method 


As shown already in the previous section, the 
induction forces of the space-charge can result in 
an increase of the amplification factor of a valve 
if a suitable circuit is used. An arrangement will 
be described below, which for short waves is just 
as efficient as the standard amplification circuit, 
in some cases even better, and in which amplification 
is due entirely to induction. Consider the tetrode 


in fig. 5. The “screen grid” 2 has a high positive 


POR, (6) ap mn 05.59) 


Fig. 5. The anode has a slight negative bias, so that the electrons 
which pass through the grid 2 are turned back directly in 
front of the anode and return to this grid. The density of the 
space-charge between grid 2 and the anode varies in 
rhythm with the alternating voltage at grid 1 furnished by 
the generator G. This fluctuation in space-charge induces a 
fluctuating charge on the “anode”, so that an alternating 
current flows in the anode circuit. An alternating voltage is 
thus produced in the anode circuit, which may be several times 
greater, than the alternating voltage at grid 1. With short 
waves this circuit with a “negative” anode gives a greater 


‘amplification than a normal circuit with a “positive” anode. 


bias, e.g. 100 volts, whilst control grid 1 and 
anode A have a small negative bias. 
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Part of the electrons emitted from the cathode 
passes through the meshes in the screen grid. is 
repelled by the anode and finally ends at the screen 
grid itself. The density of electrons is very great 
at the point where they reverse direction. The 
negative charge between the screen grid and the 
anode induces a positive inductive charge Q on 
the anode. If the control grid is given a small 
alternating voltage with a frequency in radians 
of w, the space-charge density in front of the 
anode will be altered and hence also the inductive 
- dQ/dt. From 


this it follows, that the anode current has the 


charge Q. The anode current is 1, - 


following characteristics: 

a) its frequency in radians is o; 

b) its amplitude is proportional to w: 

c) with a pure ohmic resistance R in the anode 
circuit it is in phase quadrature with the 
potential at the control grid. 

The ratio of the voltage fluctuations at the 
resistance R to the corresponding voltage fluctu- 
ations at the control grid can as usual be taken 
as the amplification. By suitably rating the resist- 
ance Ra higher amplification factor can be obtained 
for short waves by this method, than by the usual 
method using a high positive anode potential. The 
amplification does not, however, rise with increasing 
frequency in this wave range, but falls, since, owing 
to the finite time of transit of the electrons between 
the screen grid and the anode, damping effects are 
produced on the anode side which, like the input 
damping, increase with the square of the fre- 
quency. 

Upon closer examination of the induction process 
it is found, that the new method of amplification 
offers advantages only at frequencies at which the 
time of transit of the electrons already causes 
appreciable damping. The slope S of induction 
amplification is: 


Gee ees tee ees T) 


where s is the natural slope, m the frequency in 
radians and t the time of transit of the electrons 
from the screen grid up to near the anode and back. 
S will be of the same order of magnitude as the static 
slope s ifwr is of the order of unity, i.e. in the same 
frequency range in which damping is considerable. 

To interpret equation (1) it must be remembered 
that the order of magnitude of the induced charge 
is represented by the product of the current l, 
passing through the meshes of the screen grid and 
the time of transit t (up to near the anode and 
back to the screen grid). 
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The induction current to the anode is therefore: 


= Ps ate, cos Wt = ling COS ot 


and hence the slope of induction-amplification: 


Gx ae Bs ot 
g 
in agreement with equation (1) if for / the numerical 
value 2/3 is inserted as deduced by more detailed 
analysis ”). 

In experimental work on the new method of 
amplification a 40-fold amplification was obtained 
with a 50-m wave and a 10-fold with a 5-m wave. 
In the standard amplification circuit the corre- 
sponding factors were 75 and 7. The new method 
is thus superior at a wave-length of 5 m. 

In conclusion it should be mentioned, that good 
results have been obtained in the construction of 
a complete radio receiver with three-stage high- 
frequency amplification and operating on the new 
method. In interconnecting the various amplifying 
stages it was found particularly advantageous that 
the anode and control grid have the same direct 
voltages. The anode of the preceding valve can 
therefore be connected directly with the grid of 
the next valve, without the aid of a coupling unit 
consisting of a condenser and grid-leak as is usually 
necessary. 


Some Theoretical Considerations 


Detuning. Consider the simple case of a three-element valve 
with flat electrodes (fig. 6) whose surface area is large compared 
with the space between the electrodes. The broken lines indicate 
the potential distribution obtained in the absence of space- 
charge in the valve (i.e. with a cold cathode). The space-charge 


ti. 
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Fig. 6. The broken lines indicate the potential distribution 
without a space-charge in the valve (i.e. with a cold cathode). 
The continuous lines show the potential distribution with 
the space-charge. At the cathode the tangent to the potential 


curve is horizontal so that at the cathode the field strength 
is Zero. 


*) C. J. Bakker and G. de Vries, Physica 1, 1045, 1934. 
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affects the potential field mainly between the cathode and 
grid. If the electrode potentials are kept constant and the 
anode current is increased by heating the filament up to the 
limiting value of the space-charge equilibrium, the potential 
distribution represented by the continuous lines is obtained. 
In the absence of a space-charge the capacity of the grid 
relative to the cathode is: 
Cees 

gk 4a 
where a is the distance between the grid and cathode and f 
the area of the surface. 

The variation in capacity due to the space-charge can be 
readily calculated if the alteration in the field strength at 
the location of the grid is known. Langmuir has given the 
following equation for the potential distribution as affected 
by the space-charge: 


te ees oe 6 


\, is here the effective potential at the surface of the control 


erid, termed the control voltage or potential. This potential 
is determined primarily by the potential Me of the grid wires, 


the anode voltage V,, having a much less effect. To a satis- 
factory approximation we may put: 
1 
VAY ps 
where 1{/g is a small number, g is termed the amplification 
factor. If the anode voltage is constant, as is assumed below, 


the alternating control voltage is equal to the alternating 
grid voltage. The field strength at the grid is, according to 


equation (2): 
a V, (*)" 4 We 


x=a 


OV 
=) 


B= | 


x=a 


The charge per unit surface of the grid is Q = (E/4z) f, where 
f is the area of the grid; with the aid of the relationship: 


charge = capacity X voltage (Q = C V,) 


we get the capacity: 


4a 


whilst in the absence of the space-charge: 


f 
Cyr 
gk 4ia 
would be obtained. The capacity thus increases by a third 
of its value. 

With a grid and cathode of cylindrical form a similar 
calculation gives the relative variations in capacity AC 1b Cor 
which are determined by the ratio r,/r, of the radii of the 
grid and cathode and in general are greater than with flat 


electrodes. In fig. 7 the relative increase in capacity has been 
plotted as a function of rel Tk 


4 Cok/cok 
55 
50——= 


i us 100 : 1000 9/nk 


_10000 
18719 
Fig. 7. In a cylindrica! valve the variation AC j, Jn the inter- 
electrode capacity C ah due to the goace-tharge is a function 
of the ratio r,/r, of the radii of the grid and cathode. The 


figure shows the shape of this function. 
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Input impedance, To calculate the input damping, flat 
electrodes are again considered. The alternating grid voltage 


in the circuit in fig. 1 is e, sin wt. The capacity current to the 
grid at low frequencies, at which the time of transit is short 
compared with the period of oscillation, is: 


| = capacity = differential quotient of the voltage 
with respect to time 


= 
| 
CaN 


Cor eg OCs OE 0 s 6 56 5 2 @) 


At high frequencies, owing to the finite time of transit of the 
electrons, the current phase will lag considerably behind the 
value given by equation (3); the lag is proportional to the 
time of transit 7 and the frequency ~ in radians. If the propor- 
tionality factor is a, we have: 


4 
i ao Chi eg [cos (wt —a w t)] 


or since even with ultra-short waves amt < /: 
e [cos Ot + 4WT sin ® T| ue) 


Accurate calculation *) gives a = 0.075. From equation (4) 
it is seen that the current receives a component which is in 
phase with the voltage. Energy is thus dissipated, which is 
the direct cause of the damping of the associated oscillating 
circuit. 

The damping expressed in equation (4) corresponds to a 
bridging of the grid-cathode capacity by a conductor: 


4 
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If in place of C,,, we introduce the usually better known 


slope s of the valve, according to the equation: 


s.7 
gk 2 


we get: 
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Equation (5) follows from the known law of the space-charge 
current: 


i, = const. We fe 
The slope is: 
al ti, Soils 
ep Se ee i ee eee a (7) 
dV, OEY 


3) C. J. Bakker and G. de Vries, Physica 2, 683, 1935. 


RECEIVING VALVES IN SHORT-WAVE RECEPTION Lay 


he anode currenti, is equal to the space-charge Q between the 
Q/t). 
In the case of the space-charge equilibrium under consideration 
here the field strength at the cathode is equal to zero 4). 
As a result no inductive charge is generated on the cathode. 
The inductive charge on the grid is then equal to the space- 
charge Q between the cathode and grid with the sign changed. 
lf for Q we insert the product of the grid voltage V, and 


grid and cathode, divided by the time of transit (i, 


the grid-cathode capacity 4/3 C,, we get: 


gk 
Ys 
i, = 4/3 gk >? 
and thus equation (7) becomes 
5 { Cy. 
Sees hens 
2 Sb T, 
hence 
x Sten Cys - ; a 
Cir — —— in accord with equation (5). 


From equation (6) it may be deduced, that an input signal 
whose period of oscillation is shorter than the time of transit 
of the electrons can no longer be amplified; this signifies that 
it is then no longer possible to obtain an alternating voltage 
in the anode circuit greater than the alternating grid voltage 
Cs The alternating anode voltage e, is equal to the product 
of the anode alternating current ;, and the resistance R, in 
the anode circuit. This resistance is, however, limited if the 
alternating voltage generated at it is passed to the grid of 
the succeeding valve. For, as already indicated, grid and cathode 
are bridged by a resistance R,;, Which decreases with rising 
frequency. If we assume that this resistance determines the 
anode resistance, we get: 

Go, tg Reps: Oe Ry 


a 
and hence the amplification obtained with the valve is: 


ea 20 


f=—=sRy= (8) 


Cte 
The last part of equation (8) is really only another way of 
writing equation (6). 

If we insert the time of oscillation T — 2 a/m, we get: 


9 


jon 


To obtain amplification (f > 1) the time of oscillation T 
of the incoming wave must be greater than 1.4 Tt. 

With the high-frequency pentode AF 7, t is for example 
2-10” sec. Hence the limit of amplification is T = 28-102 
sec, corresponding to a wave length 4 = 85 cm, 


4) It is assumed here that the electrons are emitted from the 
cathode with zero velocity. 
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HEAVY-CURRENT CONDENSERS 


Summary. A short survey is given of the reasons responsible for the extensiv 


e use of heavy- 


current condensers as phase-shifters. This is followed by a discussion of the internal 
construction, the electrical characteristics and the testing, the life and finally the external 
design of these condensers. Further applications (other than for power factor improvement) 


are also briefly referred to. 


Introduction 


Extensive use has been made of heavy-current 
condensers as phase-shifters which are generally 
employed for this purpose for reactive powers 
up to approximately 1000 kVA. During recent 
these 
rotary phase-shifters for still higher powers. The 


years condensers have also superseded 
principal reasons responsible for these develop- 


ments are: 


a) The almost complete absence of loss in these 
condensers. 

b) Their simple and economical divisibility which 
enables their distribution throughout a whole 
network. In so far as other practical consider- 
ations permit, the reactive power can be 
generated close to the point of consumption 
and thus relieve both lines and transformers 
of reactive currents. The following advantages 
accrue: Reduction in transmission losses, im- 
provement in voltage regulation and, in new 
plants and systems, marked economies in 
installation costs for the line network. 

c) A battery of condensers can be economically 
expanded to any desired proportions, so that 
the capacity of the plant can be adapted to 
the current demand without incurring un- 
necessary installation costs and losses. 

d) As the condensers contain no moving parts, 
no special attendance is required. 


About ten years ago the general adoption of heavy 
current condensers was limited by their life in 
service not always being satisfactory. Moreover, 
at that time experience was lacking regarding the 
interconnection of large batteries of condensers 
and the means for avoiding resonance effects. 
Since these difficulties have now been overcome, 
the use of rotary phase-shifters appears to be 
justified only in cases, where they have a second 
duty to perform, viz, where large synchronous 
motors are used simultaneously for driving machin- 
ery and for generating reactive power. 


Internal Construction 


Heavy-current condensers are built up of reels 
made on reeling machines from aluminium foil 
with several intermediate layers of thin paper 
(fig. 1). These reels are rated for a capacity of 


Fig. 1. Condenser reeling machine. 


0.5 to 2.5 uF and for voltages from 220 to 900 volts. 
At a 50-cycle frequency their reactive power is 
30 to 100 VA. For higher capacities the individual 
reels required are connected in parallel, and for 
higher voltages they are series-connected in groups. 
In the case of low-voltage condensers the reels in 
parallel are connected to the bus-bar by thin silver 
wire which also acts as a fuse. These reels are fixed 
in a frame and then evacuated in an impregnating 
tank; after being impregnated with oil they are 
finally placed in a casing which is hermetically 
sealed (figs. 3 and 4). 

The dielectric composed of oil-impregnated paper 
sheets determines the efficiency and reliability 
of the condenser. As the capacity of a condenser 
is inversely proportional to the thickness of the 
dielectric, it is desirable to use the thinnest possible 
dielectric in order to save both cost and weight. 
At the present time a rating of 0.5 to 1 kVA has 
been obtained per cub. dm (at 50 cycles). A reduction 
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in dielectric losses has gone hand in hand with an 
increase in the permissible voltage loading of the 
dielectric. These improvements and advances have 
been responsible for the rapid development of the 
condensers during the last decade. Condenser paper 
of satisfactory uniform texture can now be made 
with a thickness of only 7y, and with very low 
dielectric losses, which do not increase with tem- 
perature rise in the range of heating experienced 
with these condensers. At a working temperature 
of 50 to 60 deg. C. the losses of the finished dielectric 
are a minimum. The dielectric, which is usually 
only a few hundredths of a millimetre thick, is 
built up of several layers of this thin paper, so that 
the unavoidable slight defects of the single layers 
cannot cause trouble. Rag paper is in most cases 
more suitable than cellulose paper, since it can be 
made thinner and with lower losses. For impreg- 
nation highly refined mineral oils are used, whose 
chemical and electrical properties have to comply 
with severe standards. 

In the manufacture of these condensers evacua- 
tion and impregnation are the two most important 
operations. Before evacuation the paper contains 
5 to 8 per cent moisture, and 20 to 40 per cent of the 
total volume is occupied by air. The extent to which 
moisture and occluded air can be removed, the 
correct handling of the material during manufac- 
ture and the retention of the initial conditions 
during service are the main factors determining 
the losses, efficiency and life of the condenser. 
Water and air are removed from the oil by 
atomising it on spraying into the evacuated im- 
pregnating tank. By using flat reels and making 
them of the most suitable dimensions, adverse 
mechanical stresses in the condenser reels are 
avoided and the dielectric can be compressed to a 
standard size, thus ensuring uniform impregnation. 
The reels are made fairly small in order to ensure 
adequate removal of air and moisture from the 
interior. The subdivision of the condenser into 
small elements also permits simple and reliable 
control of every stage in manufacture. 

The surface area of the dielectric is already 
of the order of 1000 sq. m with a 50 kVA condenser. 
Such a large surface of the thin dielectric can 
only be obtained with satisfactory precision by 
extremely careful supervision of the raw materials 
used and of every step in the manufacturing pro- 
cesses. The paper is tested before use for tenacity, 
folding coefficient, elongation, freedom from acid, 
dielectric losses and conductive places. The acid 
value, insulation resistance, disruptive voltage and 
viscosity of the oil are also continually tested. 


Electrical Characteristics and Testing 


An effective pressure of 10 to 20 kilovolts can be 
applied per mm of the dielectric without endan- 
gering the efficiency and life of the condenser. If 
the condenser is used mainly for direct current, as for 
instance in voltage smoothing in rectifier units, 
an effective pressure up to 80 kilovolts per mm may 
be applied, according to the ripple of the voltage 
and the duration of loading. The disruptive voltage 
found in D.C. tests is as high as 240 kilovolts per 
mm. With a 50-cycle alternating current applied 
for 1 minute, the disruptive voltage is roughly 
120 kilovolts per mm. If the A.C. test voltage is 
applied for longer periods the disruptive voltage 
first. diminishes rapidly, then more slowly, and 
after a time attains practically a constant value 
in the neighbourhood of 40 kilovolts,, per mm. 
The test specified in current standards in which 
2 to 3 times the working voltage is applied for the 
period of a minute does not therefore give an ade- 
quate insight into the behaviour of the condenser 
during continuous service, and it is only suitable 
for bringing out the more serious defects. It is, 
however, not advisable to increase the test voltage, 
as there is then the danger that the life of the 
condenser will be impaired. A closer insight into 
the operating characteristics of the condenser is 
gained by measuring what is termed the phase 
displacement 6+). 

Fig. 2 shows the connection between tan 6 and 
the voltage per mm thickness of the dielectric. 
In addition to the absolute value of tan 6 at the 
working voltage it is particularly important to 
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Fig. 2. Tangent of the phase displacement (tan 6) as a function 
of the voltage per mm at 50 cycles. 


1) Tf the current taken from the condenser differed by exactly 
90 deg. in phase from the voltage, the condenser would 
operate without loss. In condensers the dielectric losses 
are only very small as compared with their reactive power. 
They cause a small deviation from 90 deg. in the phase 
lag between current and voltage, such deviation being 
represented by the phase difference 6. The tangent of 
this angle (tan 5) is therefore the quotient of the watt 
losses of the condenser and its reactive power. 
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know its variation as the voltage rises. The curve 
given here was obtained in measurements, in which 
the voltage was gradually increased at the rate 
of 5 kilovolts per mm per hour. It is seen that at 
the outset tan 6 remains constant up to a certain 
applied pressure. It then begins to increase slowly, 
probably owing to the ionisation of the dielectric. 
Later tan 6 increases very rapidly and indicates 
the imminence of rupture. In current production a 
standard value of 0.002 is obtained for tan 0, i.e. 
the losses total only 2 per 1000 of the reactive power 
of the condenser, which is at most 1/20 of the 
operating losses with rotating phase-shifter. From 
practical considerations, it would indeed not be a 
disadvantage for the losses to have been a little 
higher; the smallness of the losses and particularly 
their constancy over a wide voltage range are, 
however, reliable criteria showing the efficiency 
of the condenser *). 


Life 

At international technical congresses the life 
of power current condensers was stated in 1927 
to be only 3 years, but by 1933 their accredited 
life has already increased to 30 years. The first- 
mentioned figure applied to condensers with a 
solid impregnation, which are no longer adapted 
for heavy-current purposes. Although the latter 
figure cannot be borne out by experience for 
obvious reasons, it is nevertheless based on reason- 
able evidence. The last and determining stage in 
the advances made has been due to research on 
certain chemical changes in the impregnation oil 
during long service, such changes being first 
observed on cables and later also in the interior 
of condenser reels. These changes probably take 
place owing to the traces of residual oxygen in the 
dielectric and their ionisation in powerful electric 
fields. Accompanied by the evolution of gas the 
oil is then converted to higher molecular com- 
pounds of a wax-like nature. The voltage at which 
this transformation takes place has therefore been 
termed the “gas voltage”. By, inter alia, more 
complete evacuation at the outset and by employing 
an oil less liable to undergo such transformation, 
it is possible to raise the gas voltage far above the 
working voltage range and thus eliminate the 
direct causes of aging. This has been confirmed by 


*) The standardisation of a dielectric by measurement of 
its dielectric losses was first adopted in Holland in 1925 
in the regulations laid down for tests on high-tension 
cables, on the basis of investigations by C. F. Proos: 
Eenige beschouwingen omtrent dielectrische verliezen 
van hoogspanningskabels (v. Kampen, Amsterdam 1921). 


Bee testing regulations appear applicable to condensers 
so. 
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accelerated aging tests with voltages higher than 


the normal working level. 


External Construction 


A high condenser capacity can be accommodated 
either in a single enclosure or built up of a number 
of separate small elements. The second method 
results in a higher efficiency and has therefore been 
favoured by Philips. Large batteries of condensers 
are built up from units rated from 10 to 60 kVA, 
either of single-phase or three-phase design. This 
method of battery assembly offers moreover the 
following advantages: 

The large cooling surface relative to the volume 
obtained in smaller units, coupled with the low 
losses, results in a temperature rise of only about 
5 deg. C. The thermal expansion is therefore small, 
enabling hermetically-sealed enclosures to be used 
which completely exclude access of moisture and 
air during service. The rise in temperature is, 
moreover, so slight that the phase difference and 
disruptive strength remain practically constant. 
The time during which the impregnated reels 
are in contact with the air before hermetic enclo- 
sure in the condenser chamber has been reduced 
to a harmless minimum. In practice the sub- 
division of a battery of condensers into any number 
of groups to meet specific requirements or an 
alteration of the grouping to satisfy a new distri- 
bution of the load involves no difficulty whatsoever. 
In the most common cases where the mains voltage 
is altered, the condensers can be adapted to the 
new voltage quite readily by modifying the arrange- 
ment of the circuits (delta, star and series cir-. 
cuits). Erection of the condensers on site is quite 
simple and does not require a crane, whilst they 
can also be readily adapted to the available space. 

A battery of condensers for low-voltage circuits 
composed of six units each of 10 kVA, which is set 
up in a simple iron frame, is shown in fig. 3. The 
condenser chamber of each unit is a welded sheet- 
iron structure with pressed-in strengthening ribs. 
The cover of the chamber has two connecting 
terminals of moulded insulating material and an 
earthing terminal. In the interior of the chamber 
there is a discharge resistance, which lowerst he 
charge of the condenser to 1/10 of its working 
voltage within 30 secs. after disconnection. Tinned 
copper strips connect the units in a delta circuit. 
The earthing terminals of the units are screwed 
to the frame, which is itself earthed. 

High-tension condensers for phase-shifting and 
for mains voltages up to 30,000 volts are made as 
cylindrical units (fig. 4). The leading-out insulator 
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of each unit constitutes one electrical pole, and the 


iron casing the second pole. The top frame of the 


Fig. 3. Low-voltage condensor-battery 60 kVA for phase- 
shifting. 


iron rack, to which the units are suspended, connects 
the chambers in a star circuit and constitutes their 
neutral. In assemblies with insulated neutral point 
the rack is supported on insulators. 


Fig. 4. High-voltage condensor-battery 360 kVA for phase- 
shifting. 
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The production of phase-shifting condensers for 
mains voltages over 30000 volts by series inter- 
connection of the reels appears to present no dif- 
ficulty, but at the present time there is no demand 
for such assemblies. High-tension condensers are. 
however, employed for other purposes, of which 


a few examples will be given here. 
Further Applications 


After it was condensers 


demonstrated, that 
could be built to satisfy all requirements imposed 
for use in heavy-current circuits their employment 
made rapid strides. In addition to their use for 
power factor improvement, these condensers have 
also been employed in heavy-current equipments 


for the following purposes: 
a) Starting of single-phase asynchronous motors. 
b) Voltage smoothing in rectifier equipment. 


c) Over-voltage protection (protection against 
surges produced by electric shadow, leakage 
and storms. 

d) In oscillating circuits of high-frequency fur- 
naces. 

e) Coupling of lines. with 


high-tension 


high- 
frequency telephone circuits. 

f) For the protection of radio receivers against 
interference from consumers connected to the 


power mains. 


Brief reference to various types of heavy-current 
condensers used for the above purposes may prove 
interesting. 

For coupling high-tension lines with high-frequency 
telephone, tele-metering and remote-control cir- 
cuits, the condensers are incorporated in porcelain 
insulators. The insulator shown in fig. 5 contains 
a capacity of 0.001 uF at a working voltage of 
150 kV, which corresponds to a reactive power of 
7 kVA. Condensers for over-voltage protection are 
of similar design. 

For X-ray apparatus and impulsive voltage 
apparatus, the reels are accommodated in rings of 
insulating material, each rated for 0.05 uF at 50 kV. 
Any high voltages can be obtained by mounting 
the requisite number of rings one above the other. 

Fig. 6 shows a 400-kV X-ray equipment with the 
condenser rings in the pillars standing against the 
wall. From the same rings an impulsive voltage 
generator for 2 millions of volts, has been built 
which will be described in a later issue of this 
journal. The same type of condensers is used in the 
high-voltage equipment described in this Review 
1, 6, 1936 (s. fig. 3). 
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of condensers, shown in that article, was rated for 


6000 kVA at 7000 cycles and 5000 volts. It is 


A further type of heavy-current condenser oper- 
ating in the oscillatory circuit of a high-frequency 


Fig. 6. A 400 kV X-ray equipment. 


673 


Fig. 5. Condenser for connecting high-frequency telephone- jade up of 72 units.-each of 83 kVA. which have 
sets with high voltage conductors. : Coan : : Cees 

been provided with cooling ribs to dissipate the 
heat generated by the specific powers and losses 


induction furnace has also already been described 
which increase with the frequency. 


in a previous issue of this Review *). The battery 


3) Philips techn. Rev. 1, 56, 1936. Compiled by H. EHRNREICH. 


Rectification: On page 157, in the May issue of this Review (article 
“Optical Telephony’’) the dispersion of the beam of light is estimated 
to 11/, per cent. This value must be replaced by 11/, per mille. 
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A SPEED-INCREMENT TEST AS A SHORT-TIME TESTING METHOD FOR 
ESTIMATING THE MACHINABILITY OF STEELS 


Summary. Cutting tests on lathes, in which the cutting speed increases proportionally 
to the time (speed-increment tests), are suitable for estimating the machinability of different 
kinds of steel and the wearing properties of lathe tools made of high-speed steel. It is 


found, that the results obtained in cutting tests with a constant cutting speed (Taylor 
tests) can be deduced from the results of tests in which the face of a disk is turned with 


radial feed, beginning at the centre. 


Introduction 


The materials required by the N.V. Philips’ 
Gloeilampenfabrieken for its products and their 
manufacture are supplied according to strict 
testing standards. The supervision of all materials 
received is in the hands of the material-testing 
department, which is itself a section of the material- 
investigating department of the research laboratory. 
This investigation department develops the speci- 
fications on which the testing procedure is based 
and is also engaged in research work on various 
problems, such as the choice of material, the 
working out of the best methods of treatment and 
the elimination of practical difficulties in manu- 
facturing processes. We propose to describe such 
material investigations from time to time in this 
Review and will commence with a description of 
an investigation directed towards an improvement 
of certain testing methods as well as towards the 
choice of materials and their optimum treatment. 

The consumer is always faced with serious diffi- 
culties in the testing of metals as soon as specific 
information is required of their machinability. 
These difficulties lie mainly in the considerable 
amount of time and comparatively high expense 
due to extensive machinability tests. As a result 
users endeavour to obtain a guarantee for satis- 
factory machinability by stipulating specific re- 
quirements for certain other properties, e.g. in 
respect of hardness and chemical composition. 
It has, however, been amply demonstrated that 
this policy does not give the desired result. There- 
fore it is unquestionably one of the most important 
problems of the metal-industry to develop some 
kind of short-time test for machinability, which 
can form the basis of practical testing procedure. 
Restricting ourselves in the following to the 
machinability of steel in turning round bars in a 
lathe, a good impression is obtained by measuring 
at different cutting speeds the time during which 
a standardized tool holds (i.e. the time until the 
tool breaks down through wear and chipping). 


when making a cut of definite dimensions. The 
reliability of the results obtained in practice with 
these Taylor tests (as they are called) will be the 
greater the more closely the conditions of test agree 
with those met with in actual practice. This 
signifies, inter alia, that the duration of the tests 
must be of the order of at least 30 or 60 minutes. 
However, the unavoidable large diversity in the 
results of such tests renders it necessary, that 
each test be repeated several times in order to 
obtain a reliable mean value. 

This tedious and wasteful method has naturally 
given rise to a desire for a short-time testing 
method. Such a method is that, in which the cutting 
speed is progressively increased '). Fundamentally 
this method consists in increasing the cutting speed 
at such a rate, that in spite of a low initial speed 
the tool becomes blunted very quickly (usually 
after no more than a few minutes). Tests based on 
this principle can be carried out in two different 
ways. Firstly, in turning a round bar the angular 
speed of the lathe can be gradually increased, the 
size of the chip automatically remaining unaltered. 
Secondly, keeping the angular speed of the lathe 
constant, the face of a short thick bar or a disc 
can be cut, beginning at the centre towards the 
outside (see fig. 3). In this case the cutting speed 
increases proportionally to the distance of the tool 
from the axis of the disc. In this paper we will 
mainly deal with this second method, which will 
be referred to below as the “disk-test” *). 


1) Cf. Werkstoff-Handbuch Stahl und Eisen, E 41, Diisseldorf, 
1927. 

2) Compared with the first-mentioned method the disk-test 
offers the advantage, that it can be applied on any lathe 
without a special arrangement (such as a D.C. motor with 
regulator) for gradually increasing the speed of the lathe. 
However, a disadvantage is that the disk-test generally 
requires materials with a larger diameter, than is necessary 
in other tests, which not only limits the application of 
the method but also introduces a certain degree of uncer- 
tainty owing to the unavoidable difference between thin 
and thick material and a more or less marked irregular- 
ity over the cross-section of the thick material. 
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Where machinability tests have been referred to 
above, it has always been assumed that the turning 
tools were all identical. Only the bars to be cut 
were considered to be made from different materials. 

Conversely, the cutting qualities of various high- 
speed steels can be compared with each other by 
carrying out Taylor-tests and/or disk-tests on one 
definite kind of steel with tools of a standard model. 
Moreover, a comparison can also be made between 
lathe tools from one and the same high-speed steel 
which has been submitted to different heat treat- 
ments. Systematic experiments on these lines were 
performed in this Laboratory by W. F. Brandsma’®), 
and aimed primarily at establishing the best process 
for hardening and tempering modern high-speed 
steels. These steels in fact require an exceptional 
heat-treatment to endow them with optimum 
cutting properties. 

Other series of experiments have been performed 
to demonstrate that the disk-test is very suitable 
as a short life-test for determining the optimum 
tool angles and for obtaining a criterion of the 
machinability *). 

Principle of the Taylor test 


The arrangement used in the Taylor tests is 
shown diagramatically in fig. 1. 


Fig. 1. Normal Taylor test. A cylindrical layer is cut from 
the bar, which revolves at constant angular speed. Thus the 
cutting speed v is constant throughout the test and a definite 
tool-life T (i.e. the time elapsing before the tool completely 
breaks down) is found for every value of v. 


3) W. F. Brandsma, Metaalbewerking 2, 541, 1936. 


4) J. R. J. van Dongen and J. G. C. St ; 
bewerking 3, 1 and 49, 1936, egwee, Metaal 
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F. W. Taylor °) was the first who called attention 


to the simple formula: 
Cy 
[ps (=) 


which represents to a fair degree of approximation 
the relation between the tool-life T and the linear 
cutting speed v, when throughout a series of tests 
all other factors, such as the material being cut, 
the material and angles of the tool, the dimensions 
of the chip, the lubrication, etc., are kept the same 
and only the cutting speed is varied. C and n are 
constants, which depend only on the factors men- 
tioned. If the cutting speed is expressed in meters 
per minute and the tool-life in minutes, then C 
varies, according to circumstances, between 10 and 
500 and n between roughly 6 and 20. The straight 
line by which equation (1) is represented in a 
double logarithmic diagram facilitates the determi- 
nation of the speeds vy (e.g. V3) and v9) correspond- 
ing to definite values of the tool-life (e.g. T = 30 
and 60 min) from a small number of tests made 


(1) 


with several suitable cutting speeds. 
Fig.2 shows a double logarithmic v-T-diagram for 
one of the kinds of steel, which have been examined. 
We have assumed, that the speed v4, i.e. the 
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Fig. 2. Results of Taylor tests with a particular kind of 
steel. The tool-lives T have been determined for different 
cutting speeds v and are plotted in a double-logarithmic 
diagram. In agreement with Taylor’s equation (1) these 
points lie on a straight line from which the values of the 
constants C and n for the particular steel can be deduced. 


cutting speed corresponding to a tool-life of 30 
minutes (other conditions being equal) has a 
greater practical significance than vy. This is 
more readily understood, when it is remembered 


°) Taylor, “On the art of cutting metals’ 1907. A consid- 
erable amount of data and an extensive bibliography are 


given in E. Brédner, ,,Zerspanun d Werk *9 
Berlin, 1934. P ee erkstoff”’, 


sind 
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that on the whole the lathes in workshops do not al- 
low the cutting speed to be varied continously. Gener- 
ally that speed will be used, which is as close as possi- 
ble to v3) and is smaller than v,,. If one keeps v equal 
to or smaller than vz, and it is assumed that the 
lathe-speeds, which can be successively adjusted 


are roughly in a ratio of | : V2, the time between 
two grindings (e.g. for n = 8) will occasionally 
turn out to be (/2)8 <x 30 min = 8 hours; the 
mean time being about 2 hours. 

As a tool is blunted, its face becomes gradually 
grooved and scored by the chip travelling across 
it. At the start this wear of the tool has very little 
effect on the power consumption of the lathe and 
on the state of the worked surface, but during 
the last stage of blunting, when a more or less wide 
bright-polished zone appears on the bar being cut, 
the temperature and hence the wear of the edge 
and the power consumption increase more and more 
rapidly until the cutting edge becomes so hot, that 
the tool breaks down. The bright-polished zone 


6) As a matter of fact from equation (1) we get T/T, = 
(vy/v;)". Hence a ratio v,/v. = 1/)2 for two cutting 
speeds gives T/T) = (//2)” for the ratio of the corresponding 
tool-lives (e.g. (/2)” = 16 forn = 8). 
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results from the blunt tool rubbing harder and 
harder against the surface. The last stage during 
which the cutting action of the tool is no longer 
normal is always of such short duration, that it 
can safely be neglected in determining the life of 
the tool. 


Principle of the disk-test 


In a disk-test, a disk of the material being tested 
is clamped to the lathe chuck and a hole is bored 
at the centre. The tool to be used in the test is 
now fixed at centre level, started at the surface 
of the central hole and fed towards the periphery 
of the disk, the lathe operating at constant angular 
speed. Fig.3 shows the principle of the arrangement. 

Fundamentally in disk-tests the tool is subject to 
similar changes in face-lathe work as in Taylor- 
tests, except that owing to the steady increase of 
the linear cutting speed these changes take place 
more and more rapidly. The result is, that the last 
stage of blunting, now limited to a much shorter 
period, becomes apparent by no more than a bright 
edge at the end of the worked surface. Again the 
cutting edge becomes hot and breaks down. 

During the test the lathe runs at a constant 
angular speed of N r.p.m. The diameter D,, of 


Fig. 3. Normal disk-test. The disk which revolves at a constant speed, is cut from the 
centre outwards. The cutting speed v now increases during the test up to a definite 
value v,, at which the tool completely breaks down. 
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the disk, at which the failure of the tool has occurred 
is measured in mm. The maximum obtained cutting 
speed v,, expressed in meters per minute, corres- 
ponding to D,,, is given by the expression 
go Eee 
1000 
In accordance with formula (1) the tool will, 
with a smaller N, not break down at the same D,, 
as at first, for over the same cutting length the 
speed has been lower during the whole time. As 
a result the tool cuts on further to a larger D,,. 
On the other hand, with the smaller N only a 
smaller v,, will be obtained on account of the longer 
cutting length. Fig. 4 shows the relationship found 
experimentally between v,, and N for the same 
steel as considered in fig. 2. 


Dm= oe 
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Fig. 4. Ifa disk-test is repeated with a lower number of revolu- 
tions N, a lower maximum cutting speed v,, is found, which, 
however, then corresponds to a greater cutting length (and a 
greater D_,). The curve shows the relation found experimentally 
between N and v,, for the same steel as in fig. 2. By keeping 
D,, constant the formula (2) between N and v,, is represented 
by a straight line. A series of these straight lines for different 
values of D,, are also plotted in this figure; they allow those 
values of v,, to be found, which correspond to definite values 
of D,,. e-g. to D,, = 100 mm. 


The simplest method would of course be, to 
keep N the same in all tests, in which case the 
values of v,, would be directly comparable with 
each other. If, however, the investigation includes 
a widely different range of steels, this method 
cannot be adopted, at any rate if very large disk 
diameters are to be avoided in testing the better 
machinable steels. Van Dongen and Stegwee aye 


PHILIPS TECHNICAL REVIEW 


Vols le Now 6 


taking this difficulty into consideration, have 
measured for each of these different steels v,, as 
a function of N, and by interpolation found those 
values of v,, for each steel at which D,, have definite 
values. This enables a comparison on the basis of 
equal D,,, which seems as justified as a comparison 
with a constant lathe speed, moreover, in practice 
we have the advantage that equal values oraDe 
enable a fixed size of disk to be used. 

According to equation (2), the interpolation 
referred to is made by drawing in the N-v,, diagram 
the lines corresponding to the given values of D,, 
and by determining their intersections with the 
N-v,, curve. In fig. 4 this interpolation has been 
made for five values of D,, and special attention 
is called in this diagram to the line for D,, = 100 mm, 
the cutting speed v,, = v,,"” for this D,, being 
taken as the characteristic value of v,, for the 
material being tested. 


Relation between Taylor tests and speed-increment 
tests 


We have assumed above, that under comparable 
conditions of cutting, the progress of the wear of 
a cutting tool in disk-tests and in Taylor tests 
However, this does not hold good 
in all respects. Thus, a comparison of blunt tools 


is analogous. 


with each other reveals the fact, that in Taylor 
tests of long duration the top surfaces of the tools 
are excavated by the chip, whilst in the short 
disk-tests (and also in very short Taylor tests) 
there is no time for this to occur. To this excavation 
corresponds a change in the amount of frictional 
work and in the energy of deformation of the chip 
and in consequence the heating of the tool is 
altered. It is reasonable to assume, however, that 
the differences in the frictional and machining 
work in the two methods of test are small compared 
with the total energy applied to the tool. Although, 
on closer examination of the blunted edge, differ- 
ences may also be found in other respects, one 
may ask whether the results of the two methods 
are in any way related. This is indeed found to 
be the case. 

The equation of Taylor already referred to, for 
the tests named after him: 


= (9) Seamer 


gives the relationship between the cutting speed v 
which remains constant during a test and the time 
T which elapses before the tool breaks down. We 
can write equation (1) also in the following form: 
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Assuming, that the reduction in the cutting 
capacity of a tool in all the Taylor tests (with 
different cutting speeds) is given by the same 
function of the time expressed in the time T' as 
unit, one can derive the following equation for 
cutting tests with variable speeds: 


McG C40... GB) 


Here the speed v(t) can still be an arbitrary function 
of the time, whilst T., is the time, in which the tool 
completely breaks down. This formula, which for 
v = constant is reduced to Taylor’s expression 
(1), shows that in every cutting test, no matter 
how the speed is varied, there is a relationship 
between the generalised tool-life T,, and the con- 
stants C and n of Taylor’s equation. 

Of course the nature of this relation will 
depend on the procedure of the test, i.e. on the 
variation of the cutting speed v with the time. 
In order to be able to apply (3), we must know 
the function v(t). For disk-tests this function can 
be readily deduced. If N is the (constant) angular 
lathe-speed, a the radial feed and D, the diameter 
of the hole in the disk (the cutting speed at the 
start of the experiment thus being v, = z N D,), 
then the cutting speed v(t) at time t will be given 
by the expression 

v(t) = aN (D, + 2a Nt) = vp + 22 N° at, 
if it is remembered that the diameter of the cut 
increases by 2a after each revolution. Substituting 
in equation (3), we get: 


Cc" =f (vu + 20 N’at)" dt = 
0 


ee 1 (v2 t4— op +}) 
Qralne el \aN: a 

v, being the maximum speed found in the disk- 
test. We now get the following expression for the 
required relation between the Taylor tests and 
the disk tests: 

pt at) = 2a (n+2) a N’ Gap (4) 
By substituting the values v,, and v,,. for two 
disk-tests carried out with different lathe speeds 
N, and N, we get two equations of the form of (4), 
from which C and n can be readily calculated. 
Thus, for T = 30, v3) can be directly calculated 
by inserting these values in (1). 

If n is already known, the normal cutting speed 
vp corresponding to the tool-life T’ can be deduced 
from a single test on a disk, for by eliminating C 
from (4) and (1) and neglecting 1," +! against 
Disa. )ewe: get; 


7) With n=6, the smallest value occurring in practice, the 
error due to this neglect is still less than 1 per cent, if 
the diameter D, of the hole in the plate is less than D,,/2. 
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— oe a 
/ Un 
2a (n+1) NaT 
To obtain the simplest expression, we substitute 
UV, = aND,, (equation (2)) under the radical 
sign. If further the cutting speed is expressed in 
meters per minute, the feed a in mm per revolution, 
the diameter D,, in mm, the lathe speed Nin r.p.m. 
and the time T in mins, so we finally get: 
at 


\ Dz, ~ 
Vv aa) / - 3 5 Pe 
eee 60 (nel) Nea (9) 


By this expression the normal cutting speed v3, 
for a tool-life of 30 min can be calculated from 
the values of v,, and D,, obtained in a single disk- 
test. 


wD = hs 


Equation (5) has been very satisfactorily con- 
firmed by actual tests. For a number of steels 
submitted to Taylor tests and to disk-tests, v3, 
was determined in the Taylor tests by inter- 
polation in the v-T diagrams and in the disk-tests 
by the use of equation (5). The measured and 


calculated values of v3, are plotted in fig. 5. Each 
150 


100 


v39 calculated 
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Fig. 5. Relation between the measured and calculated values 
of vz9- Each point shown corresponds to a particular steel. 
The measured value of v3, is derived from a v-T diagram 
such as in fig. 2 and is thus the result of a series of Taylor 
tests; the calculated value of v,, has been deduced from 
equation (5) with values of v,, and D,, found in a disk-test. 
As the diagram shows, the agreement between these two sets 
of values is very satisfactory. 


point marked corresponds to a particular kind of 
steel. If the assumptions made were rigorously 
valid, all points should lie on the drawn 45-degree 
line. 

In view of the low degree of reproducibility 
inherent in cutting tests of this type, it is evident 
that the deviations found are rather small. The 
scattering of the points about the 45-degree line is, 
moreover, such as to indicate accidental deviations, 
so that on the whole the results may be considered 
satisfactory. 


(To be continued.) Compiled by P. CLAUSING. 
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PRACTICAL APPLICATIONS OF X-RAYS FOR THE EXAMINATION 
OF MATERIALS 


By W. G. BURGERS. 


As already indicated in the previous article in 
this series, the possibility of detecting by radio- 
graphic means the presence of specific chemical 
compounds in a mixture or a chemical reaction 
product leads to numerous applications of the 
X-ray method for investigation. Some more ex- 
amples of these applications (identifications) are 
given in the present issue. 


9. Metallic Deposition in the Formation of Metallic 
Carbides *) 


Metallic carbides, i.e. the compounds composed 
of carbon and metals, such as titanium, zirconium, 
tantalum, etc., are characterised by a high melting 
point, which in certain cases, e.g. tantalum carbide, 
is even higher than that for tungsten. In conse- 
quence the formation and properties of these 
compounds have been closely investigated in the 
light of their potential use for incandescent bodies. 

One method of preparing these carbides consists 
in strongly heating a carbon filament in the vapour 
of a volatile compound of the metal in question 
(usually a halogen compound), with or without an 
admixture of hydrogen. The formation of the carbide 
may then be represented by an equation of the 
type: 

MX,+-Cs>MC+nX 


(M = metal, X = halogen), the halogen liberated 
either being evacuated or combining with the 
hydrogen. 

The carbide filaments obtained, which have a 
metallic appearance, are difficult to analyse by 
chemical means, as they are highly resistive to 
all reagents. Owing to their simple crystal structure 
they can, however, be quite conveniently identified 
by radiographic means. Fig. la shows an X-ray pho- 
tograph of zirconium carbide ZrC. The discontinuous 
character of the lines indicates, that the wire is 
composed of comparatively large crystals (> 10 wp) 
(cf. the introduction to section IT in this Review 1, 
60, 1936). 

In certain cases (depending on the temperature 
at which the above reaction takes place) wires are 


*) W.G. Burgers and J. C. M. Basart, Z. anorg. allg. Chem. 
216, 209, 1934. 


obtained, having a colour differing from the normal 
colour. An X-ray photograph of a wire of this 
type is shown in fig. 1b, which in addition to the 
ZrC lines found in fig. la also contains a number 
of lines coinciding with those in fig. Ic. This latter 


15998 


Fig. 1. Metallic deposition in the formation of metallic carbides. 
a) Zirconium carbide, 
b) “Zirconium carbide” wire obtained by heating a carbon 
filament in an atmosphere of zirconium halide, 
c) Metallic zirconium. 


photograph was obtained with a wire of metallic 
zirconium. Thus it is shown that, in fig. Lb, in 
addition to the formation of carbide a deposition 
of metal has also taken place. A similar result 
was also observed in the case of tantalum carbide, 
where moreover it was found that two different 
carbides could be formed, viz, TaC and Ta,C, each 
having a different crystal structure. 


10. Detection of Thorium Oxide and Metallic Thorium 
in Tungsten Wire ”) 


Various properties of drawn tungsten wires, 
such as crystal growth, recrystallisation ability, 
electronic emission, etc., depend on the presence 
of certain admixtures of which one of the commonest 
is thorium. Tungsten containing thorium is obtained 


*) W.G. Burgers and J. A. M. van Liempt, Z. anorg. allg. 
Chem. 193, 144, 1930. 
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by adding thorium nitrate or hydroxide to the tung- 
sten oxide which is to be reduced. For electronic emis- 


a 
: |e] || ||] | 
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selves reduced during the reduction of the tungsten 


oxide, but are converted to oxides and are thus 


CIS LSI ee 


Fig. 2. Thorium oxide and metallic thorium in tungsten wire. 
a) Thorium oxide (ThO,), 


b) Mixture of thorium oxide and metallic thorium, 


c) Metallic thorium. 


sion it is of paramount importance, whether the thor.- 
um occurs in the metallic state (Th) oz as oxide (ThO,) 
in the reduced tungsten which is made into wire. 


a 
b 
Cc 
- maa 15997 
J Fig. 3. Thorium oxide in tungsten wire before heating. 
a) Pure tungsten (drawn wire), 
b) Tungsten + 3 per cent thorium oxide (drawn wire), 
c) Thorium oxide (= left part of fig. 2a). 
The dotted lines between figs. b and ¢ indicate diffraction 
lines, which were too weak in photograph b to be sufficiently 
, clear for reproduction by printing. 


It is generally assumed, that the thorium compounds 
mentioned (nitrate and hydroxide) are not them- 


present in the wire as such before heating or on 


heating to a comparatively low temperature. 


According to the current theory partial reduction 


15999 


Fig. 4. Electrolytic deposition of B- with a-tungsten. 
a) a-tungsten (= fig. 3a), 
b) Electrolytic product from a ternary melt of tungstates, 
c) f-tungsten obtained from a phosphate melt. 


of the thorium oxide to metallic thorium is assumed 
to occur only on raising the wires to a high tempera- 
ture (about 3000 deg. C); the metallic thorium thus 
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formed may then produce an enhanced electronic 
emission according to Langmuir. 

It is difficult to determine definitely by chemical 
means, in how far these conclusions are justified. 
Though it is possible, to dissolve away the metallic 
tungsten with special solvents which attack neither 
metallic thorium nor thorium oxide (a mixture 
of concentric hydrofluoric acid and nitric acid) *), 
leaving a white residue in the case of an unheated 
wire and a grey residue in the case of a strongly 
heated wire, the quantity of these residues is usually 
too small for accurate quantitative chemical 
analysis (normally a total of 3/, per cent of thorium 
oxide is contained in tungsten wire). This quantity 
is, however, amply sufficient for X-ray analysis. 
It is found, that a radiograph for the white residue 
is identical with that for ThO,, while that for the 
grey residue contains, in addition to the ThO, lines, 
other 
thorium. A comparison of the photographs repro- 
duced in figs. 2a, b and c shows clearly, how these 


differences can be determined, and thus demon- 


lines corresponding to those of metallic 


strates quite definitely, that the unheated tungsten 
wire contains the added thorium as oxide whilst 
the strongly-heated wire contains metallic thorium. 

Even without chemical treatment, the X-ray 
method can be employed to detect directly the 
presence of thorium oxide in tungsten wires before 
heating, provided the tungsten used initially 
contained an extra large amount of the admixed 
thorium compound, to give for instance a ThO, 
content of 3 per cent. Fig. 3b is a radiograph 
obtained with such a wire, together with a com- 
parison photograph for pure tungsten (a) and for 
thorium oxide (c). A comparison of these photo- 


3) J. A.M. van Liempt, Rec. Trav. chim. Pays-Bas 45, 512, 
1926. 
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graphs shows, that the wire radiograph contains, 
in addition to the very intensive (strongly over- 
exposed) lines of tungsten itself (cf. with a), also 
a few weaker lines, which coincide with the ThO, 


lines in c. 


11. Electrolytic Deposition of 6- with a-Tungsten *) 


Metallic tungsten can be deposited by the elec- 
trolysis of fused alkaline tungstates °). By means 
of X-rays it can be shown, that when the temperature 
of the melt is kept below 700 deg. C in addition 
to the normal a-tungsten another modification, 
b-tungsten, is deposited. According to the discov- 
erers of this phenomenon, this only occurs, when 
tungstate phosphate melts are used. 

It was important to demonstrate, that /-tungsten 
was also formed in the absence of phosphoric acid, 
provided only the temperature of the melt was kept 
below the upper limit mentioned above. 

This is indeed shown to be the case by the 
radiographs reproduced in fig. 4. Fig. 4b relates to 
an electrolytic product obtained at 500 deg. C from 
a ternary melt of potassium, sodium and lithium 
tungstates; a is the photograph for pure a-tungsten 
and c the radiograph ”) of 6-tungsten obtained from 
a phosphate melt. A comparison of 6 with a and c 
shows that the metal obtained from the phosphate- 
free melt contained both modifications; a study of 
c moreover shows, that conversely the /-tungsten 
obtained from the phosphate also contains a certain 
amount of qa-tungsten. 

4) W.G. Burgers and J. A.M. van Liempt, Rec. Tray. 

chim. Pays-Bas 50, 1050, 1931. 

5) J. A.M. van Liempt, Z. Elektrochem. 31, 249, 1925. 


6) H. Hartmann, F. Ebert and O. Bretschneider. 
Z. anorg. allg. Chem. 198, 116, 1931. 


*) This radiograph was made by Dr. H. Hartmann. 
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No. 1064: J. H.de Boer and J. D. Fast: Die 
Diffusion von Wasserdampf durch 
Kupfer (Rec. Trav. chim. Pays-Bas 


54, 970-974, Dec. 1935). 


At temperatures of approximately 800 deg. C. 
steam diffuses very easily through copper. Hydrogen 
diffuses much quicker through this metal, whilst 


nitrogen does not diffuse through it at all. With 
respect to ferro-chrome, nitrogen and steam exhibit 
opposite behaviours: Steam does not diffuse through 
ferro-chrome, while nitrogen diffuses very readily. 


se sufficient number of reprints for purposes of distribution 
is not available of those articles marked with an asterik (rE 
Reprints of other papers may be obtained on application 


from Philips Laboratory, Kastanjelaan, Eindhoven 
Holland. ; 
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No. 1064A: J. H. de Boer: Verandering van de 
ionisatie-energie van een alkali-atoom 
door binding (Ned. T. Natuurk. 2, 
273-288, Dec. 1935). 


A simple description is given, showing how the 
binding energy of an electron to an ion decreases 
under the influence of an external electric field. 
This concept is then expanded, to describe the 
reduction in the ionisation energy of an alkali 
atom which is adsorbed at the surface. Potential 
curves for the adsorptiou of caesium in various 
states to a salt surface are given. Various phenomena 
are discussed in their relation to adsorption. 


No. 1065: 


G. Heller: Dynamical similarity laws 


of the mercury high-pressure discharge 
(Physica 6, 389-394, Dec. 1935). 


According to Elenbaas the properties of electric 
discharges through mercury vapour at a high pres- 
sure are determined by the quantity of mercury 
vapour (m) and the energy consumption (L) per 
em of the tube length. It is investigated, how m 
and L must be altered simultaneously in order to 
obtain corresponding states. Thermal equilibrium 
is assumed in this analysis. Self-absorption and 
the effect of differences in the temperature of the 
walls are not considered. Experiments show, that 
the laws derived are applicable in practice. 


No. 1066: M. Ziegler: Shot effect of secondary 


emission. I. (Physica 3, 1-11, Jan. 1936). 


The author assumes, that the impact of a primary 
electron on a metal surface and the emission of the 
n secondary electrons, which are liberated by such 
impact, take place practically simultaneously, 
so that the primary and the n secondary electrons 
together give a single current impulse. As not all 
primary electrons liberate the same number of 
secondary electrons, the secondary electron current 
is not made up of equal impulses. It can however 
be resolved into components composed of equal 
impulses. Since the primary collisions are in- 
dependent of each other, it is possible by means 
of the theory of the shot effect, to calculate the 
quadratic variations of secondary electron currents. 
The author has carried out this calculation for a 
triode, in which the grid and anode are positive 
and secondary electrons can be emitted. It is found, 
that there must be a certain relationship between 
the quadratic fluctuations of the anode current 
and those of the grid current. This relationship is 
confirmed by accurate measurements indicating 
the correctness of the assumption, on which the 
calculation was based. 
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No. 1067: W.Elenbaas: Dynamische Charak- 
teristiken des Quecksilberbogens (Phy- 
sica 3, 12-30, Jan. 1936). 

Alternating currents with frequencies from 50 to 
1400 cycles were superimposed on the D.C. through 
a discharge tube containing mercury vapour at a 
pressure of 1/6 to 100 atmos. On raising the fre- 
quency from 60 to 14000 cycles the phase angle 
between the voltage and current diminished from 
150 deg. to 25 deg. The ratio of A.C. to D.C. 
conductivities first increased and then diminished 
again, and at very high frequencies probably 
approaches unity. For a frequency of 50 cycles 
the curve for the emitted luminous radiation was 
measured by taking an oscillogram of the amplified 
current of a potassium photo-electric cell; the 
modulation of the luminous intensity at this 
frequency is greater than that of the current or 
the energy consumed. On the assumption of a 
temperature equilibrium and Boltzmann’s 
distribution the radiation curve was calculated 
from the current and voltage curve using Saha’s 
formula. The calculated modulation is then about 
double the value measured; this is probably due 
to neglecting the absorption which is greater at 
maximum luminous intensity than at minimum. 
By striking an energy balance for the discharge 
and applying Saha’s ionisation theory the charac- 
teristics for the discharge can be deduced when 
only the shape of the current curve is given. The 
relationship between temperature and phase found 
in this way is in very good accord with the values 
calculated by the first-mentioned method. The 
calculated voltage curve is in satisfactory coin- 
cidence with the results of measurement. 


No. 1068: J. A. M. van Liempt: Die Ver- 
dampfungsgeschwindigkeit der Metalle 


in einer Gasatmosphare (Rec. Trav. 


chim. Pays-Bas 55, 1-6, Jan. 1936). 


In continuation of paper No. 1051, where the 
volatilisation of a metal surface in vacuo was studied, 
this paper is devoted to a discussion of the influence 
of the gas molecules in the surrounding atmosphere 
on the volatilisation of a metal filament. The 
number of atoms, which at a specific temperature 
leave the surface of an incandescent filament is 
independent of the surrounding gaseous atmosphere. 
Owing to the collisions with gas atoms a part of 
the metal atoms may, however, drop back to the 
surface of the filament, as a result of which the 
rate of volatilisation in a gaseous atmosphere of 
pressure is reduced in a definite ratio as compared 
with the ratio in vacuo. The author obtains an 
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expression for this ratio, which at the limit p = 0 
tends to unity. The formula of Sophus Weber 
according to which this ratio is inversely proportional 
to the square root of the gas pressure does not 
satisfy this limiting condition and cannot therefore 
have a strict validity. For pressures which are not 
too low the two formulae agree fairly well with 
each other as well as with the experimental results. 
At higher pressures deviations are observed which 
are probably due to the fact, that the free path 
of the atoms then has an order of magnitude 
comparable to the irregularities in the surface of 
the filament. 


No. 1069: M. J. Druyvesteyn: Calculation of 
Townsend’s a for Ne (Physica 3, 


65-74, Febr. 1936). 


For electrons which diffuse through a rare gas 
under the action of a homogeneous electric field 
the stationary distribution of velocity is calculated 
from a consideration of elastic collisions, excitation 
and ionisation. It is assumed in this calculation 
that the probabilities of excitation and ionisation 
are linear functions of the energy of the electron. 
A number of physical properties can be calculated 
from the velocity distribution. For ratios between 
the electric field strength and the pressure between 
5 and 30 volts per cm and per mm gas pressure, 
the ionisation coefficient a of Townsend was cal- 
culated and found to be in good agreement with 
experimental measurements. The energy loss due 
to elastic collision can in this case be neglected 
without affecting the result. 


No. 1070: J. L.Snoek: Magnetic powder experi- 
ments on rolled nickel-iron. I. (Physica 


3, 118-124, Febr. 1936). 


The so-called Bitter striae were registered for 
rolled nickel-iron in a more or less pronounced 
anisotropic state. The striae always run parallel 
to the direction of easiest magnetisation. With 
highly anisotropic material the system of lines is 
less clear than with a low anisotropy; it can in 
fact only be clearly seen when the lines of force 
issue perpendicularly. According to the author this 
is probably due to the fact that in a highly aniso- 
tropic sheet the internal stresses are weaker. Re- 
heated material shows no striae. With coarse- 
crystalline sheets striae are found which correspond 
to those observed by Bitter and Akulov with 
stress-relieved single crystals. Intersecting systems 
of lines are found and sometimes also a second 
system parallel to the first, but with a much greater 
period. 
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J. H. de Boer: The influence of Van 
der Waals’ forces and primary bonds 
on binding energy, strength and orien- 
tation, with special reference to some 
artificial resins (Trans. Faraday Soc. 32, 
10-37, Jan. 1936). 

This paper commences with a discussion of the 
mutual orientation of the the 
influence of Van der Waals’ forces. The tendency 
of the atoms to be in contact with as many other 
atoms as possible generally predominates over the 


No. 1071: 


molecules under 


anisotropy with respect to polarisability. Neglecting 
the repulsive forces, satisfactory results are obtained 
for the energy in the equilibrium state by means 
of the approximation formulae of London or of 
Kirkwood and Slater. As is well known, a much 
greater tensile strength is calculated for a theoretical 
crystal than that found by actual measurement of 
ordinary crystals. Ifthe Van der Waals’ forces are 
taken into consideration in such calculations then 
the tensile strength of the crystals would be found 
higher still. By assuming a mosaic structure of the 
type suggested by Zwicky much lower tensile 
strengths are obtained, but these are still much 
higher than the measured values. According to 
Smekal the low tensile strengths are due to 
These 
suggestions made with regard to salt crystals are 
applied by the author to artificial resins of the 
phenol-formaldehyde and m-cresol-formaldehyde 
types. For the theoretical structure the tensile 
strength is found to be about 4000 kg per sq. mm, 
whilst in a mosaic structure with Van der Waals’ 
forces this value would be reduced to 35 kg per 
sq. mm, which, is however, still much higher than 
the measured value of 7.8 kg per sq. mm for the 
tensile strength of phenol-formaldehyde. This may 
probably be due to inhomogeneities of the substance. 
With a theoretical structure, values for the tensile 
strength can indeed be obtained in this way which 
are of the correct order of magnitude. Young’s 
modulus for artificial resin does not depend on 
Van der Waals’ forces (cf. No. 1072 by 
R. Houwink). The potential curve of the linkage 
between two benzene molecules was also investi- 
gated on the basis of the mutual forces acting 
between the individual CH groups. Regarding the 
orientation of the benzene rings in a substance, 
such as polystyrene, it was found that the benzene 
ring assumes a preferential position with its plane 
vertical to the direction of the aliphatic carbon 
chain of this substance. The negative double 


refraction caused by flow in the case of poly sae 
is thus explained. 


structural defects in the crystal lattice. 


